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Solar 


Cookers 


NLY a tiny fraction of the Sun’s 
total heat and light radiation 
falls on the Earth, and only a tiny 


fraction of this radiation has so far 


been ‘tapped’ as a source of energy. 
Plants use solar energy to build up 
complex substances from carbon diox- 
ide and water. Later, these substances 
may be used as food, or they may be 
laid down as a future source of energy 
(e.g. coal, peat). In fact, the energy in 
all our food, and: practically all our 
fuel, came in the first place from the 
Sun. (The only exception is nuclear 
energy). 

However, solar energy reaches the 
Earth in too diffuse a form to be used 
directly as a convenient source of heat. 
For example, it is no use for cooking 
purposes. Even at mid-day on the 
Equator, a kettle placed in the Sun’s 
rays will not boil. The kettle inter- 
cepts only the heat falling directly on 
it, and this is insufficient to make 
the water boil. If it is to be of any 
practical use the solar radiation falling 
over a large area must be concentrated 
into a much smaller area. This is 
easily done with the aid of lenses or 
mirrors. 

With a convex or converging lens 
(thicker at the middle than the edges) 
the Sun’s rays can be brought to a 
sharp focus on a piece of paper. All 
the rays striking the lens are being 
With a spherical mirror, rays striking 
different parts of the mirror are brought 
to a focus at different points. It does 
not concentrate the beam in one place. 


CENTRE OF 
CURVATURE 


at M 
Cooking with solar energy. The pan iS Wie d 


ut the focus of the curved mirror. Heat from the 


Sun, collected by the whole mirror, is reflected on to the pan. 


concentrated to form a bright spot. 
The paper soon begins to char, as the 
lens concentrates both heat and light 
rays (they are very similar kinds of 
radiation). The bigger the lens, the 
more radiation it can intercept and 
concentrate. 

Large lenses are expensive to make, 
so in most ‘solar cookers’ mirrors are 
used instead. A concave mirror (like 


All the rays striking a paraboloidal mirror 
pass through one point, the principal focus, 
after reflection. Solar cooker mirrors are 
usually of this shape. 


the bowl of a spoon) is in many ways 
better than a lens. Parallel rays of 
light from the Sun strike the bowl of 
the mirror, and they are all reflected 
back towards the same point, the 
principal focus. If the mirror were so 
shaped that it was part of a sphere, 
all the rays would not pass through the 
same point after reflection. So the 
mirrors are shaped slightly differently, 
in what is called a paraboloid. This 
shape has the property that every ray 
striking the bowl is reflected to pass 
through the focus. 

If the mirror is large enough, food 
can be cooked at the focus. In practice, 
it is found that the minimum radius of 
the mirror is about eighteen inches, 
and a convenient distance between the 
pole of the mirror and the focus (the 
focal length) is also about eighteen 
inches. When the mirror is much 
bigger than this, it is very difficult to 
manoeuvre, for, as the Sun moves 
across the sky, the mirror must be 
turned to face it. 
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AGRICULTURAL SCIENCE 


The Potato 


POTATOES form an important part 

of human diet in many parts of 
the world at the present time. They 
have been grown extensively for the 
last hundred years or so. The potato 
plant is a native of South America and 
has been cultivated for many cen- 
turies in Chile and Peru. The Spani- 
ards probably introduced it to Europe 
after their 16th-century conquests in 


The fully grown potato plant showing 
the tubers growing on underground 
stems (rhizomes). 


the Americas. 

The potato is related to the tomato 
and the Bittersweet (Solanum dulcam- 
ara). The cultivated potato plant 
grows to a height of about two feet and 
has small, star-shaped white flowers. 
Underground branches of the stem 
(rhizomes) swell up and form the 
tubers which are the actual potatoes. 
These tubers contain food reserves in 
the form of starch and protein, and 
each can give rise to a new potato 
plant the following year. 

The main value of the potato is 
for feeding the human population, and 
endless ways of cooking and serving 
potatoes have been developed. Potato 
flour is used in some countries (e.g. 
Ireland) for the production of special 
types of brcad. Dried potato flour was 
an important reserve during the 
second World War. Small and dama- 
ged tubers are fed to livestock but in 
some countries (e.g. Poland), a con- 
siderable part of the crop is used 


1154 


for feeding livestock. 
Cultivation 


The flowers of the potato set seed 
in the normal way but commercial 
crops are grown from the previous 
year’s tubers. This ensures that the 
characters of the crop remain the 
same from year to year. Seed is used 
only when it is desired to raise new 
varieties with some additional or 
special characteristic. 

It is the smaller-sized tubers that 
are used as ‘seed-potatoes’ for plant- 
ing. Every tuber has a number of 
‘eyes’, each of which is a small bud and 
can give rise to a complete shoot. 
Each ‘eye’, if cut out with some of the 
tuber attached, can produce a new 
plant. Growers find it advantageous to 
‘sprout’ the tubers before planting. 
The tubers are spread out in trays in 
well lit buildings at about 40°F. This 
encourages growth of the ‘eyes’ and 
may give them a start of up to two 
weeks, and increase the yield. 

There are many varieties of potato 
and these are divided into three 
groups: Furst Earlies; Second Earlies ; 
and Maincrop. The early varieties are 
those that “bulk up’ quickly to give a 
reasonable yield in a short time. Main- 
crop varieties are heavier croppers but 
take longer to produce the full yield. 

Potatoes are almost always planted 


ridges’, and. cover shgadiall 
hree types of potato- 


é ’ > 


an en ee 
6: fn gon 


between ridges which are formed by 
a ridging plough after the soil has 
been well ploughed and _ harrowed. 
The ridges are two- or two-and-a-half- 
feet apart and the potatoes are planted 
about every 15 inches, according to 
size. This means a sowing rate of 
about a ton per acre. Potatoes do 
well on all types of soil but the best 
quality yields are from sandy and silty 
soils. Peaty soils of the fenland give 
higher yields but the quality is lower. 
A good average is 8 tons per acre but 
yields of over 15 tons are not uncom- 
mon in good seasons. Potatoes respond 
well to the application of farmyard 
manure. If this is not available, extra 
nitrogen, potash and phosphate fertili- 
ser should be added. 

The time of planting depends on the 
season and the climate. March to May 
is usual in Britain and Northern 
Europe, but planting after April re- 
duces the growing period and the 
yield. The ‘early’ varieties may be 
planted earlier in sheltered districts. 
After planting the sprouting tubers 
between the ridges, the farmer ‘splits 
the ridges’ to cover the tubers. About 
two weeks later he harrows the ridges 
to get rid of the weeds that have 
sprung up since planting. Inter-row 
cultivation keeps down further weeds 
and the potatoes are earthed-up with 
the ridging plough when they are 
about a foot high. Earthing-up kills 
weeds and also covers the tubers 
efficiently. Tubers that reach the 
surface become green and are unfit 
for eating. The dense foliage makes 


potatoes a good ‘cleaning crop’, 1.e. 
one that stifles weeds. 
Harvesting and Storage 

Harvesting of the early varieties 
begins about the end of May while 
maincrop potatoes may not be lifted 
until September. Earlies are often 
lifted by hand and, in fact, this was 
the usual method for all potatoes at 
one time. Hand-lifting requires much 
labour and is a paying proposition 
only when the crop fetches a high 
price (e.g. first earlies). Main crops 
are now lifted almost entirely by 
machine of which many designs are 
in use. About 70% of British growers 
use the potato-spinner, a device with 
revolving spikes that scatter the tubers 
over the surface of the soil. This 
machine works fast but damage to the 
tubers may be considerable, and col- 
lecting the tubers takes time. Elevator- 
diggers and  complete-harvesting 
machines are in use, but are efficient 
only in stone-free soil. 

Early potatoes and some maincrops 
are marketed immediately, but most 
of the main harvest is stored for 
autumn and winter use. Traditionally, 
potatoes are stored out of doors in 
clamps. They are dumped in ridges 
6-9 feet wide and half as high, and 
covered with thick layers of straw 
and soil. Only sound, relatively dry 
tubers can be stored. Indoor storage 
is increasing at the present time. 
Large roomy buildings provide storage 
space and better conditions for work- 
ers grading the crop ready for market. 


LIFTING 
PLOUGH 


POTATO SPINNER 


GUARD STOPS 
FLYING TUBERS 


BLIGHT-AFFECTED 
TUBER 
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LEAVES 


WART DISEASE 
OF TUBER 


VIRUS DISEASE AND 
THE APHID THAT CARRIES IT 


Pests and Diseases 


large number of pests and diseases. Be- 
cause potatoes are so important as 
food, there are strict regulations con- 
cerning pests and diseases. The most 
serious of all is the fungus disease called 
Blight. By destroying most of the crop 
it caused the Irish Famine in 1846. The 
first symptoms are pale spots on the 
leaves. These spots increase in size and 
number and turn brown. Tuber for- 
mation stops altogether when about 
leaf area is 
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Potato growers are faced with a 
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threequarters of the 
affected. Very few fields escape blight 
completely but the degree of attack 
depends upon the weather. A wet 
season favours the fungus and 75% 
{ blight may develop by the end of July. 
Half the crop is then lost. 1958 was a 
severe blight year in Britain. If the 75% 
blight stage is not reached before 
September losses will be low because 
growth normally stops then in any 
case. The affected leaves produce 
masses of spores which affect neigh- 
bouring plants and also fall onto the 
soil. The spores can infect tubers and 
the disease is carried over to the next 
year. Proper earthing up of the plants 
and cutting or burning the tops before 
lifting reduces the risk of infecting 
tubers. Spraying the tops with a fungi- 
cide when the outbreak is first noticed 
is also beneficial. 

It is well known that potatoes grown 
from the same stock for a few years, 
degenerate and give low yields. Various 
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SPINDLY, WILTED STEMS 
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EEL-WORM 
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COLORADO BEETLE 
DAMAGE TO FOLIAGE 
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viruses that gradually multiply in the 
plants are responsible. Greenfly spread 
the viruses from plant to plant. Virus 
diseases can be overcome by planting 
seed-potatoes grown in northern 
regions (e.g. Scotland). The aphids can- 
not live in such regions, so the virus 
diseases are rare there. 

Wart disease in which the tubers 
exhibit warty growths makes them un- 
acceptable to housewife and grower 
alike. Many varieties are immune to 
this disease and only these varieties 
can be grown in regions where the 
disease has been recorded. 

The most serious pest is a nematode 
called Potato Root Eelworm. It attacks the 
roots and causes stunted growth of the 
whole plant. Daytime wilting is com- 
mon. Infested roots are covered with 
tiny white or brown ‘pinheads’. These 
are cysts containing many eggs. The 
cysts can survive in the soil for several 
years and potatoes should not be 
grown for at least six years on infested 
land. Proper crop rotation should pre- 
vent the building-up of large popula- 
tions of eelworm. 

Colorado Beetles are serious pests on 
the continent of Europe and in 
America. Strict precautions have pre- 
vented their becoming established in 
Britain where, by law, any infestation 
must be reported to the Ministry of 
Agriculture or to the Police. The 
beetles and their grubs feed upon the 
foliage and whole plants may be des- 
troyed. 


THE COLORADO BEETLE 
AND ITS LARVA 
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ALL bodies attract each other. For 
example, the Earth is kept in its 
orbit around the Sun by a gravitational 
force of attraction which acts between it 
and the Sun. Otherwise, it would fly 
off into space. Similarly all the objects 
we see around us, as well as the water 
in the oceans and the gases in the 
atmosphere, are kept in place by the 
pull of the Earth on them. 
Everything on or near the surface of 
the Earth experiences a pull towards 
the Earth’s centre. The size of the 
force of attraction on a body depends 
on its mass (the amount of matter in 
the body) and on its distance from the 
centre of gravity of the Earth. It is this 
force of attraction to the Earth that is 
measured when a body is weighed. 
There is a very important distinc- 
tion to be made between the mass and 
weight of an object. The mass of an 
object (under ordinary conditions) 
never varies, but its weight varies as 


yWeighing the EARTH 


its distance from the centre of the 
Earth is changed. The mass of an 
object will be the same at the bottom 
of a mountain as at the top, but its 
weight will decrease as the distance 
from the bottom increases. 

The word weight strictly only ap- 
plies to the force of attraction between 
a body and the Earth. For this reason, 
the Earth can never be weighed, it is its 
mass which is always found. 

Gravity, the attraction of a body to 
the Earth, is only a single example of 
gravitation on Earth. Not only are 
all terrestrial bodies attracted to the 
Earth itself, they are also attracted 
to each other. These forces of attrac- 
tion are not noticed in the ordinary 
way, because the pull towards the 
Earth is much greater than the pull 
between the individual bodies. 

These forces have, however, been 
measured, and the results of these 
measurements have been used to 


Henry Cavendish, in 1798, found the mass of the Earth, using a torsion balance. The two 
small lead spheres were attracted by the two large lead spheres, and from the size of the 
deflection, the forces of attraction between the spheres were calculated. Comparing these 
forces of attraction with the pull of the Earth on the spheres (t.e. their weights) Cavendish 


was able to work out the mass of the Earth. 


The weight of a body is a measure of the 
force of attraction between it and the Earth. 
The greater the distance between a body 
and the centre of gravity of the Earth 
the less it weighs. 

calculate the mass of the Earth. 

There is a law which governs the 
size of the force existing between two 
bodies. This law states that the force 
of attraction between two bodies is 
proportional to 

mass of first body X mass of second body 
(distance between the bodies)’ 

In large bodies, the distance is 
measured between the centres of 
gravity. These are points where the 
masses may be considered to be con- 
centrated for the purpose of the cal- 
culation. This law is another example 
of an inverse square law such as is used 
for calculating the pull which one 
magnet exerts on another. 

Finding the Mass of the Earth 

In one of the earliest experiments, 
the deflection of a plumb line caused 
by a nearby mountain was measured. 
In the ordinary way, the line would 
hang so that it pointed to the centre of 
the Earth, but the force of attraction 
between the bob and the mountain 


A plumb line is deflected away from the 
vertical when it is hung near a mountain. 
The bob is attracted both by the Earth and 
the mountain mass. 


caused a deflection of the line to- 
wards the mountain. By surveying the 
mountain, its size and the approxi- 
mate position of its centre of gravity 
were found. Samples of material in the 
mountain were taken and an average 
density of the mountain found, so its 
mass was estimated. The position 
which the line took up depended on 
the forces of attraction due to the 
Earth and to the mountain. Since the 
distances of the bob from the centres 
of gravity of the mountain and of the 
Earth, as well as the mass of the 
mountain were known, the mass of the 
Earth could be found. The value ob- 
tained was 6,000, million, million, 
million tons. 

In addition to this rather approxi- 
mate way of finding the mass of the 
Earth, a number of more refined 
laboratory methods have been used. 
The first of these was devised by 
Henry Cavendish in 1798. The prin- 
ciple behind his experiment was the 
same as in a number of more accurate 
experiments which followed. The force 
of attraction between, say, a metal 
sphere and the Earth can be found by 
weighing the sphere. If the force of 
attraction on the sphere by another 
sphere of known weight can be found, 
then the mass of the Earth can be 
found by comparing the two forces of 
attraction. This is provided the dis- 
tances apart of the centres of gravity 
of the two spheres, and the distances of 
the spheres from the centre of gravity 
of the Earth (this is the same as the 
radius of the Earth) are known. 

Cavendish suspended two lead 
spheres from each end of an arm of a 
torsion balance. This was merely a rigid 
horizontal bar suspended from a 
quartz fibre. Deflection of the arm in 
the horizontal plane caused the fibre 
to twist, and the amount of deflection 
of the arm depended on the force 
causing the deflection. Two large lead 
spheres were brought up to the first 
pair and a slight deflection of the arm 
was caused by the forces of attraction 
between the small and large spheres. 
From the measured deflection, the 
force of attraction was worked out. 
From the known distances of separa- 
tion of the spheres, and their masses, 
the mass of the Earth was calculated, 
using the inverse square law. 


OUTWARD FORC 
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OUTWARD FORCE DUE 
TO MOON'S ORBITAL 
MOTION 


YY 


GRAVITATIONAL 
FORCE OF ATTRACTION 


The theory of gravitation was first 
worked out by Sir Isaac Newton. He 
reasoned that just as a body is attracted 
to the Earth by the gravitational force, 
so must the Earth be attracted to the 
Sun, and the Moon to the Earth. In fact, 
all bodies must exert a force of attrac- 
tion on each other. In order to test his 
theory, Newton set to work to try to 
find a law of gravitation which would 
enable him to calculate the sizes of 
these forces. He wanted to know just 
how the sizes of two bodies and the 
distance between them affected the 
attractive forces. 

He guessed that the force of attrac- 
tion was governed by an inverse square 
law. This law was soon tested, and 
found to be correct, by calculations on 
the speed of the Moon in orbit round 
the Earth. 

Newton assumed that the force of 
attraction between the Earth and the 
Moon must be exactly equal to the 
outward force on the Moon. The situa- 
tion could be compared to what 
happens when a stone is attached to a 
piece of string and whirled above a 
boy’s head. The stone is prevented 
from flying off by the tension in the 
string. Similarly, the gravitational 
force keeps the Moon in orbit, pre- 
venting it from flying off into space. 
Now the outward force depends on 
the speed and radius of orbit of a body, 
and when Newton worked out the 
gravitational force, he found that the 
speed which the Moon needed to keep 
it in orbit was pretty well the same as 
the observed speed. Newton’s theory 
was verified. 

The success of this and other calcula- 
tions proved that gravitational forces 
act not only between the Earth and 
matter on the surface of the Earth, but 
between the planets as well. 
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Graham demonstrated that some dissolved 
substances diffuse more easily than others. 


THOMAS GRAHAM 


and his Law of Diffusion 


HEN some gas enters at one corner 

of a closed vessel, it does not 

stay there, but rapidly spreads out 

until it is dispersed evenly through- 

out the whole vessel. This effect is 

known as diffusion. It was studied by 

Thomas Graham, a nineteenth cen- 

tury Scottish chemist, whose name is 

remembered mainly through his Law 
of Gaseous Diffusion. 

Graham was born in Glasgow in 
1805. After studying first at Glasgow 
and then at Edinburgh, he became 
Professor of Chemistry at Glasgow 
when he was only 25. While he was 
there, he carried out experiments on 
gases, investigating their rates of dif- 
fusion. 
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Some gases diffuse more quickly 
than others. This had been deduced 
few years earlier, when it was noticed 
that if a cracked flask of hydrogen 
were inverted with its neck under 
water, the water rose up the neck of 
the flask. Hydrogen was diffusing 
through the crack into the air outside, 
and it diffused out faster than the air 
could diffuse into the flask. The water 
rose to fill the gap left by the hy- 
drogen, in an attempt to equalize the 
pressures inside and outside the flask. 

Thomas Graham timed the relative 
speeds of diffusion of various gases, 
and discovered that the denser the gas, 
the slower its rate of diffusion. The 
law Graham put forward stated that 


‘If the temperature and pressure of two 
gases are both the same, then the 
rates at which the two gases diffuse are 
inversely proportional to the square 
roots of the densities of the gases’. Put 
in another way —if one gas is four 
times as dense as the other, then, under 
the same conditions of temperature 


and pressure, it diffuses half 


(i.e 


.e, ——___________ times 
the square root of 4 ) 


as quickly. This law, which Graham 


- proved experimentally, has since been 


verified theoretically. 

Graham extended his diffusion 
studies to liquids. He was particularly 
interested in the way in which dissol- 
ved substances passed through tiny 
holes in a membrane (the skin from a 
pig’s bladder was a favourite kind of 
membrane used). When they were 
dissolved in water, most crystalline 
substances (which Graham called 
crystalloids) passed fairly easily through 
membranes and diffused relatively 
quickly from one part of the liquid to 
another. But non-crystalline sub- 
stances (e.g. glue, or gelatine) diffused 
very slowly when they were dissolved. 
Graham called this second class of sub- 
stances colloids, and it became clear 
that the reason for the difference in 
their rates of diffusion was the differ- 
ence in size of their particles. Colloid 
particles are far larger than the mole- 
cules and ions present in solutions of 

‘If two gases are both under the same 
conditions of temperature and pressure, 
then the rates at which they diffuse are 


inversely proportional to the square 
roots of their densities.’ 


crystalloids. Since Graham’s time it 
has been found that the division of 
substances into crystalloid and colloid is 
not a very good one. Some substances 
behave like a crystalloid when dissol- 
ved in one solvent, but like a colloid is 
another. 

Thomas Graham was elected a 
Fellow of the Royal Society in 1836, 
and in 1837 he moved from Glasgow 
to University College, London. 
Amongst other things, he designed a 
pendulum clock, compensated against 
changes in temperature by having as 
its bob a small container of mercury. 
Graham resigned his professorship in 
1855 to become Master of the Mint. 
He died in 1869. 


GEOMORPHOLOGY 


THE GEOLOGICAL 
WORK OF WIND 


N regions of moderate rainfall, wind 
erosion is of only minor impor- 
tance. The land-surface is clothed 
with vegetation and, apart from con- 
trolling the distribution of rain and 
adding something to the power of 
waves, the wind has little effect on the 
rate of erosion. However, in the drier 
regions of the world, where rainfall is 
slight or is quickly evaporated, the 
wind plays a dominant part in the 
sculpturing of the land. About a fifth 
of the Earth’s surface is covered by 


such desert regions, with little or no 
vegetation. The scanty rainfall is due 
to various climatic and geographic 
features. 

Desert regions are usually subject 
to extreme temperature. changes and 
bare rocks tend to shatter as a result. 
Because it is fully exposed, the loose 
material is easily blown about by the 
wind. The latter tends to blow from 
a fixed direction in any one desert 
region. The finest particles are carried 
a long way by the wind and are 
eventually deposited outside the desert 
area as loess. Outside the desert, this 
fine material is fixed by plants and is 


not blown further. Much of China is 
covered with loess which has been 
blown from the Asian deserts. 

Conditions within the desert depend 
very much upon the types of rock 
present. Shales and limestones that 
contain very little or no silica do not 
provide sand grains, and the desert 
in this case is a mass of shattered 
rock. Where sandstones or certain 
igneous rocks are present, grains of 
sand (quartz), predominate in the 
shattered material. Weathering of 
mixed deposits such as alluvium or 
boulder clay also produces a good deal 
of sand. These sand grains play an 
important part in the further erosion 
of the land. The wind can carry them 
for short distances, and in doing so, 
hurls the grains at the rock with con- 
siderable force. Hard rocks come to 
stand out above softer ones as cliffs 
and isolated hillocks. Hard nodules 
and fossils in soft bands of rock stand 
out and eventually fall out. The 
erosive action of the sand grains is 
greatest just above ground level and 
undercutting of cliffs is very pro- 
nounced. 

Continuous removal of the sand 
grains concentrates the larger frag- 
ments into gravel areas in the region 
of the exposed rocks. There are thus 
three types of surface: the bare rock, 
kept clear and polished by the con- 
tinuous action of wind and sand; the 
gravel deposits; and the sand which 
accumulates wherever the wind drops 
to any extent. 

During their abrasive work the sand 
grains themselves become very worn 
and eventually become quite rounded. 
They are very different from the an- 
gular grains laid down in water. The 
greater speed and the lack of a 
‘cushion’ of water help to smooth 


The windward slope of dunes is long. When the wind is not fully laden with sand it removes 
some from the windward side and deposits it over the face. The whole dune thus moves 


forward. 


Wind-blown sand attacks any weakness in 
rocks and is responsible for weird shapes 
such as this arch in Utah, U.S.A. 
wind-blown (aeolian) sands more than 
water-borne ones. Wind-blown sands 
also lack mica — the flaky mineral so 
common in water-laid deposits. These 
two features help to identify ancient 
sandstone formations as windborne or 
marine sands. 

Sand that is picked up by the wind 
is not carried indefinitely. Whenever 
the wind speed drops, the sand is 
deposited. The slightest mound of sand 
will hinder the next wind and more 
sand will be deposited. A dune will be 
built up with a long windward slope 
and a steeper leeward slope. Dunes 
are often formed along exposed shores 
—for instance along the coasts of 
Holland and Northern France. In 
humid regions they are stabilized by 
vegetation but in the desert they mi- 
grate under the influence of the wind. 
Sand on the windward slope is blown 
over the crest and so the dune moves 
forward. 

The lateral edges of the dune are 
normally shallower than the central 
part and these side regions move for- 
ward more rapidly. Crescent shaped 
dunes called barchans (bar-cans) de- 
velop, and grow until the ‘wings’ have 
the same wind-resistance as the central 
part. The barchans then migrate as a 
whole. There are hundreds of square 
miles of shifting dunes and barchans in 
the Sahara. These have been formed 
during a very long period of erosion 
and accumulation of sand. 
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ECOLOGY 


AIN falling upon the land runs 
over and through the soil and 
finds its way into streams and ponds. 
During its journey, the water dissolves 
a great deal of material and carries 
more in suspension. These materials 
include nitrates from decaying organ- 
isms, mineral salts from the rocks, and 
oxygen and carbon dioxide from the 
atmosphere. These are vital and valu- 
able plant foods and it is not surprising 
that plants have colonised freshwater 
wherever possible and that the plants 
have been closely followed by animals. 
Life in freshwater presents a number 
of problems that have been solved in 
various ways. Running and still water 
present different problems and sup- 
port different types of community. 
This article deals with life in the still 
water of lakes and ponds. 

The natural history of a pond 
depends very much upon the local 
geology. Ponds in regions of volcanic 
rocks or on sandy heaths are notably 
poorer in vegetation and animal life 
than ponds fed by water from chalk or 
limestone regions. The acidity of the 
rocks (and therefore the water) is also 
important in determining the future 
succession of vegetation in the lake or 
pond. 

A pond or lake with rocky shores 
provides little root-hold for vegetation 
but a lowland pond in clay or river 
deposits shows distinct grouping of 
the plants. Various rushes, yellow 
irises and marsh marigolds grow in the 
damp ground around the edges. Right 
at the water’s edge, and often growing 
out into the water are such plants 
as the common reed (Phragmites) and 
the reed-mace (Typha). Truly aquatic 
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plants are found further out in the 
water. They may be rooted with 
floating leaves (e.g. water lilies) or 
with submerged leaves (e.g. Canadian 
pondweed) or with both types of leaf 
(water crowfoot). A number of plants 
(e.g. duckweed and frogbit) are free- 
floating and may cover the whole 
surface of small ponds. Lastly there are 
the minute floating plants — the plank- 
ton —that form the first links in the 
food chains of the community. 

The plants provide food and shelter 
for the animal inhabitants and also, 
through the process of photosynthesis, 
provide oxygen which dissolves in the 
water. The dissolved oxygen is very 
important, not only for the living 
organisms but also for the decomposi- 
tion processes on the floor of the pond. 
The weediest ponds are usually the 
ones with the most animal life but they 
also produce the most waste material. 
Plants can grow only in the upper 
layers where there is light. A deep or 
very dirty pond will have no plants at 


Various insects and the methods by which they obtain oxygen from the surface. 


the bottom and, unless there is a good 
circulation of water, very little oxygen. 
The processes of decomposition will 
quickly use up what oxygen is present, 
and little animal life will survive. 
Ponds under trees are rarely of any 
interest to the naturalist. Shade pre- 
vents plant growth and the accumula- 
tion of leaves uses up what oxygen can 
dissolve in the water. The pond is 
black and barren. Only those animals, 
such as the Rat-tailed maggot, which 
can feed on the foul material, and get 
oxygen from the surface, can survive. 


The Animal Life 


Representatives of almost every 
major group of animals can be found 
in fresh water and every region of a 
pond has its characteristic inhabitants. 
The surface of the water, although no 
different in composition from the rest, 
acts like a very thin skin and is able 
to support some small ‘animals. The 
pond-skaters and whirlygig beetles are 
often found skimming across the 
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surface in search of unfortunate insects 
that have fallen on the pond. Whirly- 
gigs have divided eyes: the upper parts 
are thought to be able to see in the air 
and the lower parts down through the 
water. On the underside of the surface 
film, black planarian worms glide 
along, small snails hang and mosquito 
larvae take in their air supply. 

Obtaining oxygen is one of the 
main problems to be overcome by 
animals living in the water. Small 
animals, such as Hydra and water- 
fleas, get sufficient by simple diffusion 
from the water. Larger animals re- 
quire special breathing organs. Fishes 
have gills which absorb oxygen directly 
from the water. Some insect-larvae 
also have gills e.g. dragonfly and cad- 
disfly larvae. These animals can sur- 
vive only where there is an adequate 
oxygen supply in the water. Many 
animals, however, have re-invaded 
water from the land and are still air- 
breathers. They have to come to the 
surface periodically for air. Such ani- 
mals include water-beetles, water- 
bugs, some fly larvae, pond-snails and 
the semi-aquatic mammals such as 
beavers and otters. The air-breathing 
habit means that the animals can live 
in poorly oxygenated water — provi- 
ded that there is sufficient food. 

A few sweeps with a small net in a 
good pond will bring up a fascinating 
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array of small animals which can be 
studied in small dishes or aquarium 
tanks. Probably the most numerous 
(apart from the microscopic proto- 
zoans) will be the tiny crustaceans — 
Cyclops and Daphnia, for example. 
These are in all parts of the pond. 
They feed by straining minute par- 


bodies for carrying oxygen to the 
tissues. Some water-living ones, in- 
cluding those just mentioned, come to 
the surface to replenish an air-supply 
that they carry under a fine coat of 
hair or under their wing cases. This 
air supply is in contact with the open- 
ings of the breathing tubes. Other 
insects (e.g. Nepa—the Water Scor- 
pion and the Rat-tailed maggot) have 
long tubes (siphons) that reach the 
surface and obtain air in that way. 

Samples taken from the weedy areas 
may contain Hydra, attached to the 
plants, and numerous water-snails e.g. 
Limnaea and Planorbis. Gaddis larvae 
and water spiders may also be present. 
Water Snails are descendants of land 
forms and still breathe air. They 
periodically come to the surface film 
and open their ‘lungs’ to the air to 
replenish the supply. 

In the mud at the bottom of a pond 
may be found more snails and the 
freshwater mussels. The latter do not 
breathe air. They draw a current of 
water over their gills and extract both 
food and oxygen from it. These 
molluscs are very useful for keeping 
artificial ponds relatively clear. They 
consume much of the bacteria and 
algae. Other bottom-living animals 


Some small crustaceans and various microscopic organisms. 


ticles and organisms from the water. 
Water Boatmen (Notonecta) and the 
related bug, Corixa, are often caught 
as they swim around in search of food. 
The Water Boatman swims on its 
back by using its long back legs. It 
attacks a variety of living things in- 
cluding fish, and can inflict a painful 
nip on an unwary finger. Perhaps the 
most ferocious insect in the pond is the 
Great Diving Beetle (Dytiscus). This 
large green and brown beetle will 
attack quite large fish. Bugs and 
beetles are insects and have a delicate 
network of tubes (éracheae) in their 


include planarian worms, leeches and 
a little worm called Tubifex. The latter 
lives half buried in the mud, and 
waves its body about to create a flow 
of water. This brings it a supply of 
oxygen which it absorbs with the help 
of haemoglobin in its blood. It is thus 
adapted for living where the oxygen 
content is low. The few examples 
mentioned here show but a small pro- 
portion of the interesting features of 
pond life. The ease of collecting and 
studying pond animals makes pond 
life an ideal subject for the amateur 
naturalist. 
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OFFICE COPYING MACHINES 


VERY office at some time or other 
needs copies of documents, letters, 
plans, designs and so on. To meet this 
need, they usually have some sort of 
photocopier. 

There are three main kinds of 
copier. Perhaps the most common is 
the wet developer type of machine, 
using light-sensitive negative paper and 
a non-sensitive positive. There are a 
great many makes of machine all 
working in this way, which is chemi- 
cally very similar to ordinary photo- 
graphic methods. The other two 
common types of copiers use quite 
different methods and, because the 
ideas behind them are new and 
patented, there is only one make of 
each type. They are the “Thermofax’ 
and the ‘Xerox’ (pronounced Zeerox.) 

The Thermofax uses heat rather than 
light rays and a single heat sensitive 
paper. The Xerox photocopier produ- 
ces copies on ordinary writing paper 
by purely physical, instead of chemical 
processes. There is a fourth type of 
copier, using ammonia as a developer 
but its use as an office copier is 
limited as it can make copies only 
from transparent or very thin paper 
originals which are written on one 
side only. It is used extensively, 


however, in architects’ offices for 

copying plans. 

Wet Developer Photocopiers 
These machines have two main 

parts: an exposure unit and a developer 

unit. These are sometimes combined 

into one machine and sometimes kept 


separate according to size and make of 


When the negative is exposed in the wet 
developer type of copier, only where the 
original reflects light does the negative 
‘harden’. 


the copier. 

To take a copy with this kind of 
machine, a sheet of negative paper 
which is coated with a light sensitive 
compound is placed with its sensitized 
surface against the original to be 
copied. The two are then placed in 
the exposure unit so that the light 
shines through the back of the nega- 
tive. Most copiers have a glass table 
and the original and negative are 
pressed tightly against it while the 
light shines through the glass. 

Next the negative is passed through 
the developer unit. According to the 
type of machine, the negative is either 
passed through the developer and 


then pressed against a sheet of ‘posi- 
tive’ paper on which the copy is made, 
or the negative and positive papers 
both pass through the developer and 
are squeezed together by rollers as 
they come out. The negative is then 
peeled off the positive paper, on 
which it leaves a copy of the original. 


eel, allele, hata 


In the Thermofax copier, only where the 
infra red rays are absorbed, is the copy 
paper heated and blackened. 


If a sheet of this light sensitive 
‘negative’ paper were to be put in the 
developer without being exposed to 
the strong light of the exposure unit, it 
would turn quite black and, when 
pressed against a sheet of positive 
paper, this black dye would come off 
the negative and stick to the positive, 
making a completely black copy. 
However, the effect of strong light on 
the negative paper is to ‘harden’ the 
chemical surface so that the dye 
sticks to the negative paper and will 
not transfer to the positive. It takes 
several seconds’ exposure to quite a 
powerful light to have this effect; the 
less powerful the light, the less the 


Left. A wet developer photocopier. The negative is exposed with the original under the glass 
screen, and the negative is then developed in the lower part of the machine. Right A Thermofax 
copier. The copy paper and the orvginal are fed into the top slot on the machine and the copy 


and original emerge from the lower slot. 


hardening and so the more dye will be 
deposited on the positive. If the light 
intensity is below a certain level the 
black chemical dye when developed 
will transfer to the positive to give a 
completely black copy. With a strong 
light the dye will develop ‘hard’ and 
none will transfer, leaving the positive 
paper completely white. 

When the negative is exposed with a 
black and white original, the light 
shines through the negative and on to 
the original. Where the original is 
black, the light is absorbed, but where 
it is white it is reflected back on to the 
negative. So the parts of the negative 
facing the white parts of the original 
receive twice as much light as those 
facing the black. The sensitive sur- 
face of the negative facing the white 
areas of the original will be ‘hardened’, 
but the areas facing the black parts 
will have received insufficient light 
and so the dye, when developed, will 
transfer to the positive, making on it 
an exact copy of the original. 
Thermofax Copier 

This system of copying was invented 
by Dr. Carl Miller. While a student at 
the University of Minnesota he noticed 
one winter that where a leaf had been 
lying on some fresh snow an exact 
image of the leaf was melted into the 
snow by the heat of the sun. Later he 
remembered this and set to work to 
adapt the principle to copying 
machines. 

A special paper had to be developed 
which, when suddenly heated by an 
intense source of infra red light (or 
heat rays) would blacken. In the 
machine, a sheet of the special paper, 
which is quite thin, is laid with its 
back to the surface of the original 
to be copied. It is fed between moving 
rollers into the machine where the 
heat rays pass through the copy paper 
on to the original. Where the original 
is white the infra red rays pass through 
easily, but where ink, (containing 
carbon which is opaque to infra red 
rays), is present, the rays are stopped 
and heating occurs. This is sufficient 
to blacken the copy paper which is 
pressed tightly against the original. 

This machine will only copy inks 
which contain carbon or another sub- 
stance which stops infra red rays. 
Almost all writing, typing and printing 


inks contain sufficient carbon, but 
some of the coloured inks in ball-point 
pens do not, and cannot be copied. 
This can be a disadvantage but can 
also be an advantage when taking 
copies of documents on which are 
written things not wanted on the 
copy, as for preparing statements of 
account for a customer by direct copy- 
ing from record cards. 
Xerographic Copiers 
The Xerographic type of copying 
machine is similar to an ordinary 


interesting physical properties, one of 
which is that its electrical resistance 
drops sharply when light shines on it. 

When the Xerox machine is 
switched on, the cylinder is charged 
with static electricity. It is kept in 
darkness and so the selenium surface 
retains the charge. Next, an image of 
the original to be copied is formed on 
the cylinder by the lens. Where light 


In the Xerox photocopier, an image of the original to be copied is projected on to the electro- 
statically charged cylinder. Powdered ink then sticks to the cylinder forming an image of the 
original, which is then transferred to the paper. The cylinder is then cleaned and recharged for 
the next copy, while the paper passes a heating unit which fuses the powdered ink on to it. 


camera, in that it uses a lens, instead of 
copying in direct contact with the 
original. It can, therefore, copy ob- 
jects, such as a bunch of keys although 
this is not its chief virtue. Various 
types of machines are made for a 
number of purposes, but the version 
intended for office copying is com- 
pletely automatic. To take a copy it is 
necessary only to lay what is to be 
copied face down on a horizontal glass 
‘window’, press a button, and in a few 
seconds the copy emerges. 

In the heart of the machine lies a 
cylindrical drum with a_ highly 
polished surface coated with a layer of 
selenium. This material has a number of 


falls, the electrical resistance of the 
selenium drops and the electrostatic 
charge leaks away to earth. Where no 
light falls the charge remains. The 
cylinder is then covered with pow- 
dered ink which is held to it, like iron 
filings to a magnet, where no light fell. 
Where the light shone there is no 
charge of static electricity and the 
powdered ink falls off. Next a sheet of 
plain paper is pressed on to the cylin- 
der, and some of the ink sticks to the 
paper forming an exact copy of the 
original. Finally the paper is warmed 
before leaving the machine to melt the 
ink slightly so that it sticks per- 
manently to the paper. 
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HE atoms of all elements have a 
positively charged nucleus sur- 
rounded by a number of negatively 
charged electrons. Much is now known 
about electrons in atoms — their ar- 
rangements and their energies, and 
the way they become shared with 
other electrons to form chemical 
bonds. Less is known, however, about 
the structure of the nucleus. In the 
nucleus there are neutrons and protons, 
but the way these particles are ar- 
ranged and bound together still has 
to be discovered. 

The nucleus can be investigated by 
hurling particles — protons, electrons, 
deuterons or alpha-particles — at it. 
By studying the reactions which occur 
when a fast particle enters the nucleus, 
many of its properties may be under- 
stood. Linear accelerators and cyclo- 
trons have been designed to produce 
high speed particles but there were 
limits to the speeds which could be 
achieved using these machines. The 
synchrotron, which is really a develop- 
ment of the cyclotron, has been used 
to obtain much higher speeds. 

In the cyclotron, a particle is made 
to perform a circular orbit inside two 
hollow ‘dees’. By applying an alter- 
nating voltage between the ‘dees’, 
and a strong magnetic field at right 
angles to them, the particle is accelera- 
ted in circular paths of increasing 
radius. As it keeps on crossing between 
the ‘dees’ it picks up more and more 


1164 


SYNCHROTRON 


oe ie oi 


speed and its circular orbit gets bigger 
and bigger, until the particle finally 
leaves the machine altogether. This 
result is obtained using an alternating 
voltage of steady frequency, and a 
steady magnetic field. It might be 
thought that if a big enough cyclo- 
tron were built, the particle would 
eventually pick up more and more 
speed, and there would be no limit to 
the final speed which could be achie- 


ved. 


This cannot, in fact, happen for a 
quite unexpected reason. Albert Ein- 
stein worked out in his famous theory 
of special relativity that as a body moves 
faster it becomes heavier and heavier, and 
it cannot reach the speed of light at all 
because its mass is then infinite (i.e. 
reaches a value which is too big to be 
imagined). 
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In the cyclotron, charged particles are 
accelerated to high speeds by applying 
an oscillating voltage between the 


dees. The combined effect of the 
applied voltage and the magnetic field 
makes the particles move faster and 
faster in bigger and bigger orbits. 


NUCLEAR PHYSICS 


This means that if a particle in a 
cyclotron is made to move faster and 
faster its mass increases. When this 
happens its movement in the dees 
becomes sluggish. It cannot then move 
from dee to dee in time with the 
alternating voltage on the dees. 

For this reason, particles cannot be 
accelerated to speeds greater than 
about 26,000 miles per second (or just 
under a seventh of the speed of light 
which is about 186,000 miles per 
second) in an ordinary cyclotron. 

There are two ways of altering a 
cyclotron so that the movement of the 
particle from one dee to the other 
coincides with the fillip given the 
particle in the dee-space. One way is 
to keep on increasing the magnetic 
field as the mass of the particle in- 
creases. The other way is to alter the 
frequency of the oscillating voltage. 

A machine in which the magnetic 
field is increased as the particle in- 
creases in mass is known as a synchro- 
tron. These machines can produce 
protons travelling at over 186,000 
miles per second, i.e. within one 
thousandth of the speed of light. The 
first synchrotron for accelerating pro- 
tons was built in 1952 at Brookhaven 
in America. 

In the synchrotron, the protons are 
made to travel the same path again 
and again as they are accelerated in 
the machine. The magnetic field, 
however, is continually increased. This 
overcomes the tendency of the protons 
to follow a circular path of increasing 
radius as.their speed and mass increase. 
Once on each revolution the protons 
receive an accelerating push from a 
radio-frequency accelerator. 

The synchroton consists of a tube 
(the sectional area being about 2 


four straight sections. The whole tube 
is pumped free of air. The circular 
portions of the tube (called quadrants) 
may have a radius of 30 feet or more, 
and are surrounded by magnets which 
produce the magnetic field necessary 
to force the protons to follow the 
curved path of the quadrant. 

The radio frequency accelerator 
produces an electric field which chan- 
ges to and fro at a high frequency in 
one of the straight sections. This field 
accelerates the protons as they travel 
along that section. 

In operation of the synchrotron a 
‘bunch’ of protons reaches a relatively 
low speed (about 8,000 miles per 
second) in a small separate accelerator 
called a Van der Graaff accelerator. These 
protons are then injected into one of 
the straight sections of the synchro- 
tron. On reaching the first quadrant 
the effect of the magnetic field forces 
the protons to follow the line of the 
tube and enter the second straight 
section. Here the protons continue in 
a straight line until they enter the 
second quadrant and again follow the 
line of the tube. 

The protons follow their path 
around the synchrotron tube at the 
same speed until they enter the fourth 
straight section. Here, under the in- 
fluence of the radio frequency 
accelerator, the protons are accclera- 
ted as they travel along the straight 
section, and then follow the same line 
through the synchrotron tube until 
they are accelerated again. 

On each successive circuit the pro- 
tons travel at a slightly higher speed. 
To keep the protons following the 
same path the magnetic field in each 
quadrant is increased slowly as the 
protons circulate, and to keep up with 


In the CERN proton synchrotron, protons are injected into the machine at one-third the speed 
of light by a linear accelerator. The synchrotron itself then accelerates the proton to speeds 


very nearly equal to the speed of light. 
their increasing rate of revolution the 
frequency of oscillation of the radio 
frequency accelerator is increased. 

In all, the protons travel several 
million times around the synchrotron 
during a period of about one second. 
During this second the frequency of 
the accelerator increases from less 
than half a million oscillations per 
second to about 4 million oscillations 
per second. In this time the magnetic 
field in the quadrants is also increased. 
The final strength of the field is about 
40 times greater than its strength 
when the protons first entered the 
synchrotron. 

When the protons have reached 
their final speed. the voltage of the 
radio frequency accelerator is varied 
so that the protons travel along a 
slightly different path through the 
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Protons are fed into the synchrotron 
froma high energy source such as a Van 
der Graaff machine or a linear accelera- 
tor. They are accelerated in the 
synchrotron by the radio frequency 
accelerator and kept ina circular path 
by the action of the electromagnets. 


quadrants and are ejected from the 
synchrotron. 

When the protons leave the synchro- 
tron the magnetic field on the quad- 
rants and the frequency of the accel- 
erator is reduced to its starting value 
again. 

After about 4 seconds the synchro- 
tron is ready to accelerate another 
bunch of protons. 

Heavier particles, for instance deu- 


_terons and alpha-particles, could be 


accelerated in a synchrotron, but the 
magnetic field on the quadrants 
would have to be increased (because 
of the greater mass of the particles) to 
make them follow the line of the 
synchrotron tube. 

One of the difficulties with the 
proton synchrotron is its size and cost 
and these set a limit on the speeds to 
which protons can be accelerated. 
Improved versions of the machine 
have been constructed which are 
capable of giving protons energies 
about ten times greater than those 
achieved with the normal proton 
synchrotron. 

Two of these machines, one at 
Geneva in Europe (built in 1959), 
and one at Brookhaven (built in 1960) 
are the most powerful accelerators 
Man has made. It is these machines 
which can produce protons having a 
speed within one-thousandth of the 
speed of light. 
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ORGANIC CHEMISTRY 


BUILDING CARBON CHAINS 


PREVIOUS articles in this series 

have shown that almost all or- 
ganic compounds may be put into 
chemical families according to the 
characteristic reactive group (or 
groups) present in their molecules. 
Compounds related to one another in 
this way have similar properties, but 
the members of such families differ 
one from another in the number of 
carbon and hydrogen atoms in each 
molecule. Thus because they all con- 
tain one carboxyl (-COOH) group, 
acetic acid, propionic acid and butyric 
acid are all members of the same 
family known as the fatty acids, but 
they differ in that the methyl (CH,-), 
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ethyl (C,H,;—) and propyl (C,H,—) 
groups respectively are attached to 
the carboxyl group. 

Many organic compounds can be 
obtained quite easily from natural 
products, but there are instances in 
which one member of a family (or 
homologous series as these families are 
sometimes known) does not occur 
naturally. In addition, some of the 
more complex substances exist as 
mixtures of several different com- 
pounds (zsomers) which have similar 
chemical properties in spite of their 
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In the preparation of n-— 
propyl bromide, n-propyl 
alcohol and red phos- | 
i are placed in the & 
flask, while bromine is 
added drop by drop from | 
the tap funnel. The con- | 
|| tents of the flask are then — 
|| refluxed for half an hour. — 


digtillation, washed, dried — 
/ and redistilled. 


atoms being linked in different ways. 
These isomers can be separated only 
with difficulty. In circumstances such 
as these, the missing homologue (i.e. the 
missing member of the series) can be 
made from a near relative, usually the 
compound containing one less carbon 
atom. 

By means of one reaction, or more 
frequently a sequence of them, it 1s 
possible to substitute one reactive 
group attached to a carbon chain with 
almost any other reactive group. In 
generalfjthe number of carbon atoms 


in each t olecule is unchanged by the 


substitu@on reactions. However, an 
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into an aliphatic molecule (i.e. a 
molecule consisting of an open chain 
of carbon atoms) by substituting a 
cyanide (-CN) group. This is one way 
of increasing the length of the carbon 
chain. 

Thus a sample of normal butyl alco- 
hol may be prepared from n-propyl 
alcohol. (In the normal or n-isomer the 
carbon chain is unbranched). In this 
instance n-propyl cyanide would be an 
intermediate compound. There are, in 
fact, four separate reaction stages in 
this synthesis. 


ETHYL CYANIDE 


Alcohol to Halide 

The first step is to replace the hy- 
droxyl group of the n-propyl alcohol 
with a halide (chloride, bromide or 
iodide) group. Propyl bromide for 
instance, can be prepared by heating 
propyl alcohol with red phosphorus 
and bromine. The bromine combines 
with the phosphorus to yield phos- 
phorus tribromide :— 


2P + 3Br, = 2PBr; 
Phosphorus bromine phosphorus 
tribromide 


which in turn reacts with the alcohol :— 
3CH,.CH,.CH,.OH + PBr, 
n-propy| phosphorus 
alcohol tribromide 
= 3CH..CH,.CH,.Bri4- HPO, 


n-propyl metaphosphoric 
bromide acid 


When all the bromine has been 
added, the flask is heated and any 
alcohol vapour boiling off is condensed 
and runs back into the flask. (Such an 
arrangement in which the distillate is 
returned to the flask is known as 
refluxing). The portion containing the 
propyl bromide (i.e. boiling below 
85°C) is distilled off and purified. 
Bromide to Cyanide 

The bromide group is now replaced 
by a cyanide group and it is at this 
stage in the synthesis that the number 
of carbon atoms in the molecule is 
increased from three to four. The 
product of the previous stage is heated 
in another flask with a solution of 
potassium cyanide. 

CH,.CH,.CH,.Br + KCN 
n-propyl potassium 


bromide cyanide 
= CH,.CH;.CH,.CN'+ KBr 
n-propyl potassium 
cyanide bromide 


Since propyl bromide is not soluble in 
water while potassium cyanide is only 
slightly soluble in alcohol the reaction 
is carried out in an alcoholic solution 


Stages in the preparation of n-butyl alcohol from ethyl alcohol 
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(i.e. a mixture of ethyl alcohol. and 
water). The solution in the flask is 
refluxed and its contents are separated 
by distillation. The product can be 
purified further by drying over phos- 
phorus pentoxide and redistilling. 
Cyanide to Amine 

In the next stage the cyanide group 
is reduced with hydrogen to yield an 
amine, (compound containing —NH, 
group). To bring about this reaction 
it is necessary for the hydrogen to be 
generated in the same vessel, while the 
reduction is being carried out. Such 
freshly made, or nascent, hydrogen is 
much more reactive than ordinary 
molecular hydrogen, and can be made 
by adding small pieces of sodium 
metal to dry methyl alcohol :— 


CH,;OH+ Na = CH,ONa+ H* 
methyl sodium — sodium nascent 
alcohol methoxide hydrogen 


This reaction is similar to that of 
sodium on water, but is not so violent. 

The n-propyl cyanide from the pre- 
vious stage is put in a flask and 
methyl alcohol is added. Small pieces 
of sodium are slowly and carefully put 
into the flask until no further reaction 
occurs. The cyanide is thereby reduced 
to give n-butylamine :— 
CH,.CH,.CH,.CN + 4H * 

n-propyl nascent 
cyanide hydrogen 
= CH,.CH,.CH,.CH,.NH, 
n-butylamine 

Whereas the fourth carbon atom in 
the propyl cyanide was in the reactive 
group, the same carbon atom has now 
become the fourth carbon atom in the 
hydrocarbon chain in butylamine. 
The latter compound is then re- 
covered from the reaction vessel by 
distillation. 
Amine to Alcohol 

Finally n-butyl alcohol is obtained 
by the action of a solution of nitrous 
acid on the amine. The nitrous acid, 
which must be fairly concentrated, is 
made by adding sodium nitrite to 
dilute hydrochloric acid :— 


_Isomers of propyl alcohol 
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alcohol (C;H,OH) exists as two different isomers. In one, the normal or n form, 
carbon atoms are arranged in a single chain. But in iso-propyl alcohol the chain of 


- carbon atoms is branched, i.e., the hydroxy! (alcohol) group is attached to the middle 
carbon atom in the chain. — : 


Some Reactive Group 


NaNO, + HCl = HNO, + NaCl 
sodium hydrochloric nitrous _ sodium 
nitrite acid acid chloride 


The n-butylamine is put into a 
flask, the nitrous acid solution is 
added slowly and nitrogen gas is 
liberated :— 


CH,.CH,.CH,.CH,.NH,. + HNO, 
n-butylamine nitrous 
acid 
= CH;.CH,.CH,.CH,.OH +H,O+ N, 
n-butyl alcohol water nitrogen 


When the addition of further quanti- 
ties of nitrous acid fails to produce 
nitrogen the contents of the flask may 
be separated by distillation. 
Repeating the Cycle 

Using the sequence of reactions out- 
lined above it is possible (at least in 
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theory) to ascend the homologous 
series. These reactions link four of the 
more important types of organic com- 
pound and one carbon atom is added 
by each cycle of four reactions. Other 
classes of compound can be obtained 
from them. Fatty acids, such as acetic 
acid, may be obtained by hydro- 
lyzing a cyanide :— 


CH,.CN + 2H,O = CH;.COOH + NH; 
methyl water acetic ammonia 
cyanide acid 


while alcohols may be oxidized to 
yield aldehydes :— 


CH;.CH,.CH,.OH + [0] 


propyl active 

alcohol oxygen 
= CH;.CH,.CHO + H,O 
propionaldehyde water 
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|. The voltage difference as the differ- 
ence in electric pressure. 

The current is likened to the flow of 
water through a pipe. A difference in 
pressure between two points pushes 
the current along the pipe. Ina circuit, 
a battery supplies a difference in 
electric pressure by putting an excess 
of electrons on to one part of the cir- 
“cuit, and creating a lack of electrons in 
another part. 


2. The voltage difference as the differ- 
ence in potential. 


Potential is a shortened form of 
potential energy. The current is like the 
downhill flow of water through a pipe. 
Current flows because water at one 
end of the pipe is higher than the other 
end — in other words — because it has a 
higher potential energy (energy of 
position). In an electrical circuit, a 
difference in potential energy is main- 
tained between the two battery ter- 
minals. 


3. The voltage difference as the electro- 
motive force (e.m.f.). 

Difference in electrical pressure, or 
‘difference in potential, can apply be- 
tween any two points in a circuit. But 
electromotive force (which means 
quite literally the force moving elec- 
trons) is usually reserved for the source 
of electric power, the battery. It is a 
measure of the amount of energy the 
battery supplies to the circuit, and is 
again measured in volts. 
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Resistance and VoltageDrop 


WHENEVER an electric current 

flows through a circuit, it meets 
with a certain amount of resistance. 
The voltage, resistance and current 
are related by Ohm’s Law; 


Voltage = resistance X current. 
‘Voltage’ in Ohm’s Law stands for 


voltage difference. If, for example, a 
battery is pushing the current around 


THE VOLTMETER READING 
DROPS AS THE CONTACT 
IS MOVED ALONG 
THE WIRE 


VOLTMETER 


Me + 2 VOLTS 


the circuit, then its two terminals are 
at different voltages. In other words, 
there is a voltage difference between 
them. 

But voltage difference is not just 
something that ‘happens’ at the bat- 
tery terminals. In fact, the voltage 
changes continuously throughout the 
circuit. A very simple electric circuit 
may consist of a 2 volt battery and a 
length of uniform resistance wire. The 
voltage of one of the terminals is 2 
volts higher than the other. It is, say, 
at 2 volts, and the other is at o volts 
(Earth). Along the wire, the voltage 
drops uniformly. At quarter-way 


round the circuit, the voltage has 
dropped to 1°5 volts. At half-way it is 
down to 1 volt, at the three-quarters 


mark it is only 0-5 volts, and at the 
other end, the battery terminal, it is 
down to 0 volts. 

The voltage drop around a circuit is 
like the drop in pressure as water is 
forced through a narrow pipe, or the 
drop in potential energy of water as 
it flows downhill. Half-way down the 
hill, its potential energy is half-way 
between its values at the top and the 


bottom. 

The voltage drop across a resistance 
is utilized in the voltage or potential 
divider. The voltage difference be- 
tween the terminals of the power 
source may be roo volts. But any 
voltage differences between 0 and 100 
can be obtained by connecting a 
resistor across the 100 volt power 
supply, and ‘tapping off, at a point 
along the resistor, the required vol- 
tage. For instance, the voltage differ- 
ence between one of the supply ter- 
minals and the middle of the resistor 
is 50 volts. Potential divider resistors 
are normally equipped with ‘tapping 
off terminals so that the circuit to be 
supplied with current can be connec- 
ted to them. 


FAMOUS SCIENTISTS 


ROBERT HOOKE 


N the seventeenth century the wealth 
of scientific knowledge was not 
great and it was common for a man to 
make useful contributions to fields as 
widely separated as medicine and 
astronomy. Robert Hooke was no 
exception, except perhaps in the di- 
versity of his interests. This wide field 
is summed up in an entry in his diary — 
‘Spent most of my time in considering 
all matters’. 

Hooke was born in 1635 on the Isle 
of Wight and, although he had no 
schooling until he was thirteen, he be- 
came one of the most important 
scientists of his time. After studying at 
Westminster School he went up to 
Oxford where he became acquainted 
with such men as Christopher Wren 
and Robert Boyle. Hooke’s aptitude 
for mechanical devices and experi- 
mental work was soon obvious and he 
became an assistant to Boyle. The 
latter was experimenting with air but 
was handicapped by lack of a suitable 
pump for compressing it or for evacu- 
ating vessels. Hooke constructed such 
a pump and also designed experiments 
centred around it. 

In 1662 Hooke’s outstanding ability 
was rewarded with the post of ‘Curator 
of Experiments’ in the newly-formed 
Royal Society. He was required to 
provide new experiments and instru- 
ments for the weekly meetings of the 
Society. He was also a lecturer in 
mechanics and Professor of Geometry 
at Gresham College in London. 

In 1665 he published a book — the 
Micrographia —in which he described 
much of his work for the Royal Society. 
A good deal of the book deals with 
Hooke was an architect as well as a 
scientist. One of has many buildings was 


this gateway for |e Royal College of 
Physicia 


microscopic observations, for Hooke 
spent a lot of time on designing and 
improving microscopes. His observa- 
tions were beautifully illustrated with 
his own drawings. He was probably 
the first person to see and describe the 
cellular structure of plants and cer- 
tainly the first to use the term ‘cell’. 

Hooke strongly attacked the view 
that fossils were created in the rocks by 
some unknown agency. He maintained 
that they were shells or skeletons that 
had somehow been ‘thrown to that 
place’. Unable to recognise many of 
the fossils, he concluded that there had 
been different types of animal in the 
past and that present-day species had 
not always existed. In other words he 
believed in what we now call ‘evolu- 
tion’. 

Although Hooke’s work in optics 
was rather overshadowed by that of 
Newton, he nevertheless made im- 
portant contributions to the theory of 
light and the phenomenon of diffrac- 
tion. 

Hooke and Boyle worked together 
on problems concerning the air and 
combustion and Hooke put forward a 
theory in his Micrographia. He sug- 
gested that during combustion, some- 
thing in the air combined with the 
burning material. This of course was 
quite right but it was many years be- 
fore it was accepted. For much of the 
following century people accepted the 
‘phlogiston theory’ holding that separ- 
ate ‘fire atoms’ were contained in 


combustible materials. 

During the 1670’s, Hooke devised a 
number of mechanical objects, many 
of which are essential to present-day 
Hooke’s Universal Joint — the forerunner of 
that used in the motor car. 
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Hooke’s drawings to illustrate the Law 
of Spring. 


The Law of Spring or 
Hooke’s Law 


The name of Robert Hooke is per- 
haps best known in Hooke’s Law of 
Spring which appeared on paper in 
1678. For some time Hooke has been 
experimenting with coiled springs and 
other elastic bodies. He wrote ‘The 
power of any spring is in the same 
proportion with the tension thereof’. 
The law is now written ‘The extension 
of an elastic body varies directly with the 
force applied, as long as the elastic limit 
is not reached’. The commonest use of 
this principle is in the spring balance, 
where twice the weight hung at one 
end produces twice the extension in 
the spring. 


machines. Examples include a uni- 
versal joint, the iris diaphragm used in 
cameras, and a great many clock 
mechanisms (e.g. the balance spring). 

Most of Hooke’s observations were 
recorded in papers presented to the 
Royal Society. He presented so much 
new material that he never had time 
to follow it up and it was left to others 
to take up his ideas and develop them. 
This is one reason why Hooke’s name 
is not widely known. Another is that 
his ideas on many subjects were 
ahead of his time and could not be 
proved. The mutual bad feeling be- 
tween Hooke and Newton was un- 
fortunate 


As president of the Royal Society «he 


did nothing to foster Hooke’s work. 
Hooke’s reputation lived on for a few 
years after his death in 1703 but then 
he was almost forgotten for more than 
one hundred years. 
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The Edible-nest Swiftlets of Malaya and 
Indochina build their delicate cup-shaped 


nests entirely of saliva. 


(Above) Parental care reaches an extremely 
high level in birds. Here a male Golden 
Oriole adult feeds its young. (Below) The 
Australian Brush Turkey builds an enor- 
mous mound from scraps of vegetation. Heat 
Srom the fermenting mass incubates the eggs. 


ground between their feet. 
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IRDS are highly industrious crea- 
tures. From dawn until dusk their 
continuous activity can be witnessed. 
Their reproductive and associated be- 
haviour is particularly intense and 
noticeable. Many birds undertake 
long migratory flights in order to 
reach their breeding grounds, and 
pairing is often preceded by courtship 
and display ceremonies, more elabor- 
ate than are found in any other 
animals, except possibly man. During 
the display, ‘gifts’ such as stones (e.g. 
Adelie penguins) or weeds (e.g. Great 
Crested Grebe) may be offered by the 
male to the female or by the two birds 
to each other. The spreading of wings 
and tail feathers in characteristic 
positions by the male may display 
colours not normally seen and which 
act as signals having special signific- 
ance to the female. She may reply with 
her own set of signals. Often the male 
is more brightly coloured. With this 
may be associated special structures 
such as a comb (e.g. domestic fowl) or 
the extraordinary growth of tail 
feathers, so heavy in some instances 
that the bird is then scarcely capable of 
flight! 
Some birds keep the same pairs for 
a year, others pair for the breeding 
season only, whilst some come together 
solely for the purpose of mating. Yet 
others usually pair for life (e.g. Jack- 
daws). A nesting site may be found be- 
fore or after pairing. Trees, hollow 
cavities in walls, pipes, cliff-ledges, and 
hollow depressions in the ground or in 


King and Emperor Penguins build no nest, 
but incubate their eggs holding them off the 


RE’S GIFTED 
BUILDERS 


a tree branch are amongst the variety 
of nesting places. 

Not all birds build nests, yet nest- 
building is a most characteristic acti- 
vity. Material for the nest may be 
obtained from the immediate sur- 
roundings of the nesting site or it may 
be brought from considerable dis- 
tances. Swallows will collect mud 
several hundred yards from the nest, 
whereas a swan uses grass, water- 
plants etc., that are close to hand. The 
nest may be constructed by one or both 
birds and the same nesting site may be 
used several years running, new 
material being added on top of the old 
nest, so that eventually a nest of 
massive size is produced. Such are the 
nests of herons. Owls and falcons make 
no nest but use tree hollows or merely 
scrape a hollow depression on a ledge 
or somewhere similar. They may also 
take over the old nests of other birds. 
The social weavers of South Africa 
build enormous communal nests, and 
as many as three hundred pairs may 
live in the same ‘apartment house’. 

Common building materials are 
twigs, leaves, dry grass, moss, lichens, 
mud and feathers. In many instances 
the nest consists of an outer layer of 
coarse material — twigs, sticks, straw 
and the like — while the inner lining 
is of a finer, softer nature — hair, wool, 
feathers etc. Usually the bird uses its 
bill to fix building material in place 
whilst the actual shaping of the nest is 


SKYLARK 


BARN 


SWALLOW, 


done with the feet, wings and body. A 
few birds, such as the weavers, many of 
which build hanging nests made of 
grass and palm fibres, actually tie the 
strands into knots. 

The eggs are generally oval in shape 
with one end blunter than the other. 
Birds are not as prolific as reptiles, 
though the number of eggs varies from 
species to species and between separate 
clutches of the same species. Four to 
six is a normal clutch for most of the 
perching birds (Robin, Sparrow, 
Rook, etc.), and many others. The 
Golden Eagle lays two eggs. Pheasants 
and partridges may lay up to fifteen 
and ostriches up to twenty. 

Whereas reptile eggs are usually a 
dirty white or cream colour, those of 
many birds are beautifully marked, 
often blending remarkably with the 
background. The Ringed Plover con- 
structs no nest — its eggs are laid among 
pebbles and stone which they match 
so closely that they are difficult to see. 
The eggs of many birds are white, 
however (e.g. Wryneck, Owls, Petrels, 
Swift), whilst in others the eggs are 
brightly speckled. Possibly their colour 
helps to maintain the broody state of 


the parents, for experiments in which 
eggs of the wrong colours have been 
placed in the nest resulted in the 
broody bird leaving. 

Each egg has a rich supply of ‘yolk 
for the developing embryo, though the 
proportion is not as high as in reptiles 
(e.g. turtles) — presumably this is re- 
lated to their more rapid development. 
Birds, like mammals, are warm- 
blooded and the developing egg must 
be kept warm. This is performed by 
one or both of the parents (usually the 
female) who incubates them while 
‘sitting on the nest’. Special bare 
patches of skin — the brood patches — 
are well supplied with blood and they 
are applied closely to the eggs. King 
and Emperor Penguins have a unique 
way of incubating their eggs, holding 
them off the ice or the cold ground 
with their feet. 

The only birds that do not incubate 
their eggs with heat from their own 
bodies (apart from a parasite such as 
the Cuckoo) are the mound builders or 
Megapodes. Famous amongst these is 
the Australian Brush Turkey which 
builds enormous mounds from scraps 
of vegetation, the heat from the fer- 
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menting mass incubating the eggs. 
The temperature of the mound is care- 
fully controlled by the male bird who 
adds material to increase it or digs 
holes in it to cool it down, as necessary. 

Parental care reaches an extremely 
high level in birds. Not only are the 
eggs incubated by the adults but the 
young, of necessity, are provisioned 
and cared for as well. The young break 
out of their shells by means of an egg- 
tooth or caruncle on top of the bill. They 
are kept warm by the heat from the 
parents’ bodies. In some instances (e.g. 
ducks, geese, turkeys) the chicks are 
able to run actively and peck for food 
a day or two after hatching, but, 
generally speaking, they are helpless 
and quite dependent on the parents. 

The adult birds spend a large part of 
each day collecting insects and their 
larvae, worms and other suitable food 
(fish in the case of sea birds) for the 
nestlings. Adult pigeons produce a 
curd-like milk in their crops with 
which to feed the young. Nestlings 
may consume their own weight of food 
each day. It seems that the noise they 
make on the return of the parents to 
the nest, and the bright colours of the 
inside of their mouths, stimulate the 
parents into feeding them. Besides 
providing food the adult birds also 
clean the nest, removing faeces and 
other unwanted material. They will 
also feign injury or walk away from the 
nest in an attempt to distract the 
attentions of an intruder or a would-be 
predator from the nestlings. 
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Pt male Red-phumed Bird of Paradise (right). \ 
PPdisplays to the less brightly coloured female — 
> ktop left). (bottom left) A male Little King 
—Bird-of Paradise. 
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CONTACT LENSES 


HE first successful contact lenses 
were made in 1888 by glass blow- 

ing and also by grinding and polishing 
the bottoms of glass test tubes. For a 
long while these remained just an in- 
teresting curiosity. Although other 
contact lenses were made and worn for 
a few hours, the first real progress was 
made in 1948 with the introduction of 
small plastic corneal lenses made to 
cover an area slightly smaller than the 
iris (the coloured part of the eye). 
Some larger types of contact lenses are 
still made, but the small corneal lenses 
which look so like the scales from a 
fish’s hack are by far the most popular. 
It is obvious why they were so 
named. They seem to form a small skin 
over the cornea (the front surface of 
the eye), yet even so, they are mis- 
named, for a lens which is actually in 
contact with the cornea is an ill-fitting 
lens. It should follow the contours of 
the eye, but never actually touch it, as 
this will be both harmful to the eye and 
irritating to its wearer. With correct 
fitting, the tears can flow freely and 


evenly under all parts of the lens, and 
are not hindered in their work of 
cleaning and nourishing the cornea. 
Every eye has its defects in vision 
and its own individual shape, there- 
fore every lens must be tailor-made to 
suit its wearer. The lenses are usually 
made from a colourless acrylic plastic 
material, but coloured lenses are also 


Section showing a contact lens nestling in a 
layer of tears. 


often made. Grey material is used for 
contact sunglasses. Blue, green, violet 
and other coloured lenses can be made 
for cosmetic purposes to change the 
colour of their wearer’s eyes. (This 
incidentally, does not work for brown 
eyes). 

First of all, the eyes are tested for 


Measuring the radius of the cornea using a 
Keratometer. 
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defects in vision in exactly the same 
way as for ordinary spectacles. Then 
the radius of curvature of the eye sur- 
face is found by using an instrument 
called a Keratometer. If no such instru- 
ment is available, the practitioner 
uses a trial set of 20 lenses, ranging in 
radius of curvature from 7.20 mm. to 
8.30 mm. 7.5 mm. is a typical value 
for the radius of curvature ofan eye. In 
either case, when the correctly curved 
lens is selected, the patient is asked 
whether the lens is comfortable and 
whether he can see clearly. 

The fitting is further checked by 
dabbing the eye with a piece of porous 
paper, impregnated with fluorescein. 
Some fluorescein rapidly dissolves in 
the eye fluid and runs down behind 
the trial lens. Fluorescein is a chemical 
substance which fluoresces under the 
influence of ultra-violet light. When 
ultra-violet light is shone into the eye, 


Bonnet at various stages of cut 


green light is given out by it. If the 
lens fits evenly over the eye surface, 
then this part is uniformly green. But if 
the lens curves too much, the tear 
layer will be thicker and darker green 
in the middle than at the edges. Should 
it curve too little, the lens may touch 
the eye and no green light will then be 
given out where it touches. 

The practitioner also decides on the 
diameter of the lens. 8 mm. is a typical 
value. The prescription then goes to 
the manufacturer for making up. 

Plastic rod is sawn into sections and 
turned on a lathe to make button- 
shaped tablets known as bonnets from 
which the contact lenses are manu- 
factured. 


Inside Cutting 


The base curve (inside surface of the 
lens) is completed and inspected be- 
fore the outside surface is even touched. 
The base curve is cut out of the bonnet 
using a small lathe specially designed 
for this purpose. The bonnet has a 
tapered end which locates on the 
spindle of the lathe, leaving the wide 
flat side free for cutting. The bonnet 
revolves on this spindle. On a radius 
attachment fitted to the lathe is a tool 
bit made of high grade steel which 
swings in an arc, cutting a groove in 
the revolving bonnet as it does so. The 
radius of curvature scraped out by the 
tool is regulated by a dial on the arm 
that can be adjusted to cut any re- 
quired radius. 


Inside Polishing 


At this stage the inside surface has 
the appearance of a piece of glass that 
has been battered by the tide. Its 
roughness must be polished smooth. 
The tapered end of the bonnet is 
slotted into a rubber holder to revolve 
on the lower spindle of a polishing 
machine. A cloth-covered polishing 
tool with the same radius of curvature 
oscillates across the surface. The 
polishing operation takes place with 
the tool and bonnet immersed in a fine 
abrasive polishing fluid. A time switch 


and polishing. 
stops the machinery after 4 minutes of 
polishing. 

Before starting on the outside sur- 
face, the base curve is very carefully 
checked for defects using an instru- 
ment called a microspherometer. If there 
are any, the bonnet is rejected. The 
bonnet is placed in the instrument and 
a knob is turned until an image is 
brought into focus. There should be no 
blurs on the image and it should be 
uniformly bright. Scratches show up as 
lines across the image. The curvature 
is then checked by turning an indi- 
cator dial to zero and then raising the 
bonnet until a second image comes 
into focus. A dial shows the curvature. 
There is a final visual check to see that 
there are no scratches and tool marks 
an the surface. Usually a range of 
bonnets of various base curves is kept 
in stock. 


Outside Cutting 


The outside radius of curvature de- 
pends both upon the required power of 
the lens and its base curve. The manu- 
facturer reads off the curvature he 
needs from a graph relating these 
factors. Then the thickness of the lens 
is decided upon. Thick edges will 
irritate the eye as the eyelid will not 
pass smoothly over them. Lenses used 
for correcting long sight have fatter 


A microspherometer used to check the base 


‘curve for defects. 


middles than edges. There is no pro- 
blem here, but the lenses used for 
short sight have thicker edges than 
middles, therefore lenses must be 
machined as thinly as possible to avoid 
discomfort. 

The outside surface is cut on a lathe 
in a similar fashion to the base curve. 
The cutting tool is kept sharp by re- 
sharpening it every 30 to 100 lenses or 
at the first signs of bluntness. 

The outside polishing is a very critical 
stage. The lens rotates on the lower 
spindle of a polishing machine while a 
polishing tool of the same radius of 
curvature laps across the upper sur- 
face, rotating and oscillating across the 


(left) Lathe with special attachments for cutting the base curve. (right) Specially designed 
lathe for cutting the outside curve. In both cases the dial is set to regulate the curve being cut. 
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Polishing the edges of a contact lens on a revolving velvet pad sprayed with abrasive. 


surface of the lens. A constant supply 
of fine abrasive fluid drips down on to 
the lens. 

Both surfaces are now complete. The 
lens is wiped clean with tissue and held 
up to the light to see that there is no 
distortion. Radius of curvature and 
thickness are checked. Further check- 
ing takes place using an instrument 
known as a focimeter or lensometer. 
Again, an image is viewed for distor- 
tion and defects and when the image is 
properly centred and in focus, the 
power of the lens can be read off on an 
illuminated dial. 

Only the centre part of the bonnet 
has been machined and polished and 
this area is far larger than the final 


FLUORESCEIN 
PAPER 


lens. The outer part retains its original 
thickness. The lens has to be stamped 
out, dead centre. To do this, the 
bonnet is put on a tiny platform (die) 
and a tube of exactly the same internal 
diameter is placed over it to centre it 
and hold it in place. On his prescrip- 
tion, the practitioner will have stated 
that he wants the lens to be of a par- 
ticular diameter, e.g. 9 11m. A stamp 
is chosen to stamp out the lens about 
o.4 mm. larger than this. The stamp is 
a hollow, sharp-bottomed steel pin 
which fits down inside the centring 
device. The lens is stamped out by 


Testing a contact lens for fit. Fluorescein 
dissolved in the tear fluid fluoresces under 
the influence of ultra-violet light. A cor- 
rectly fitting lens fluoresces evenly because 
there is an even layer of tears behind it. 


giving it a smart sharp rap on the head 
with a hide mallet. 

The lens is too large with edges too 
rough and sharp. This is dealt with 
next. The lens is placed on a tiny 
rubber sucker about one inch long and 
placed inside a conical shaped grind- 
ing wheel to be reduced to within 0.2 
mm. of the finished diameter. Next the 
edges are polished. A velvet covered 
pad shaped rather like an Edam cheese 
is set revolving and sprayed with a 
coating of abrasive. The slow polishing 
of the edges is done by hand by touch- 
ing the edges of the lens against the 
rotating pad. Polishing continues until 
the diameter is the required size, when 
all sharpness is removed by giving the 
lens a rounded edge. 

To avoid the lens digging into the 
eye, it is better if the rim fits less 
closely than the rest. Rather than 
having an abrupt change in curvature, 
the rim is polished flatter with tools 
of several different curvatures so that 
it slopes off gradually. The polishing is 
done using rotating spherical tools 
made of plastic and an abrasive liquid. 
It is quite usual for as many as five 
different curvatures to be polished over 
this outer one millimetre rim. 

The edges undergo their final in- 
spection for smoothness under a micro- 
scope. 

Often it takes as many as 10 visits to 
the practitioner before the lenses are 
adjusted to fit properly. Fluorescein 
and ultra-violet light are used to test 
the fit and sometimes a binocular slit- 
lamp microscope is used so that 
‘sections’ of the eye wearing the lens 
can be seen. The instrument shines a 
long narrow beam of light into the eye 
and the ‘section’ can be seen by view- 
ing this at an angle. 

Patience is needed before contact 
lenses can be worn successfully, for 
when any foreign matter gets into the 
eye, the lid blinks and tries to remove 
it. With practice they can be worn 
comfortably by most people for 12 
hours at a stretch. 

The perseverance is well worth 
while for the lenses are invisible and 
cannot steam up. They also move with 
the eye giving a wider angle of vision 
and, provided they are not bent or 
dragged along a rough surface, should 
give excellent service. 


HEAT PHYSICS 


The Zeroth Law of 


THERMODYNAMICS 


F two cold dishes are put in an 
oven, they gradually become hot- 

ter and hotter until they are at the 
same temperature as the oven. The 
dishes both absorb and give out heat 
all the time. When they are first put 
into the oven, they absorb far more 
than they give out, so they become 
hotter. But when they have reached 
oven temperature, they are giving out 
exactly the same amount of heat as 
they are absorbing. They become 


neither hotter nor colder, but their 
temperature stays balanced at oven 
temperature. They are said to be in 
thermal equilibrium with the oven. 

It seems too obvious to need to state 
that when both dishes are as hot as the 
oven, they are both as hot as each other. 
But this statement, which might easily 
be taken for granted, is considered by 
many scientists to be the most funda- 
mental idea in the branch of physics 
called thermodynamics. It is known as 
the <eroth Law of Thermodynamics. A 
more exact statement of the law is: ‘If 
two bodies (the two dishes) are in 
thermal equilibrium with a third body 
(the oven), then they are in thermal 
equilibrium with each other.’ 


Thermodynamics, as its name 
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The Zeroth Law lies behind every measurement of temperature. 


suggests, deals with the effects of 
moving heat from one place to an- 
other. For instance, heat is moved 
from one place to another in an 
internal combustion engine, while the 
gas mixture within the cylinders is 
being compressed and expanded. It is 
undergoing changes in its temperature, 
pressure and volume. In a different 
sort of situation, heat generated at 
the core of the Sun is transferred out- 
wards to the Sun’s surface, to be 
radiated out into space. Again, this 
heat affects the temperature, pressure 
and volume of the gases within the 
Sun. Thermodynamics is a kind of 
mathematical trickery for dealing with 
problems of this kind, starting with 
known facts like the pressure, volume 
and temperature of a gas, and juggling 
about with these three quantities in a 
purely mathematical way. It is possible 
to deduce what ought to happen to the 
gas, whatever changes in temperature, 
pressure and volume are inflicted on it. 

Scientists found that in all thermo- 
dynamic ‘jugglings’, three basic rules 
had to be obeyed. These rules, which 
will be described more fully in later 
articles, were called the First, Second 
and the Third Laws of Thermo- 
dynamics. By the time it was realised 
that there was another law of thermo- 
dynamics, even more fundamental 
than the other three, the first three 
laws were accepted and widely known 
as the First, Second and Third Laws 
of Thermodynamics. So the extra law 
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ALL 
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OBJECTS ARE 
IN THERMAL 
EQUILIBRIUM 
WITH EACH OTHER 
SO THEY ARE ALL 


AT THE SAME 
TEMPERATURE 


The pie is in thermal equilibrium with the 
oven. In other words, pie and oven are at the 
same temperature. 


was slipped in in front of them, and 
given the name eroth Law. 

Because it is so obvious, the Zeroth 
Law might seem to be a rather useless 
complication. But it is simply putting 
into words what we are actually deduc- 
ing when we measure temperatures. 

A thermometer is measuring the 
temperature of a room. If it has been 
hanging in the room long enough, it. 
will be in thermal equilibrium with the 
room. It is giving back to the room 
exactly the same amount of heat it 
absorbs, and this means that it is at 
the same temperature as the room. The 
temperature can then be read off the 
thermometer scale. But this is possible 
only because the thermometer has 
been previously calibrated — i.e. it has 
been checked against a_ standard 
thermometer, and marked accord- 
ingly. The thermometer may have 
been put in thermal equilibrium with the 
standard thermometer. So when the 
thermometer is reading the room 
temperature, there are really three 
bodies concerned in the thermal equilib- 
rium — the room, the actual measuring 
thermometer and the standard ther- 
mometer. Two bodies (the room, and, 
indirectly, the standard thermometer) 
are in thermal equilibrium with the 
third body (the measuring thermo- 
meter). The Zeroth Law enables us to 
deduce from this that the room and 
the standard thermometer would be 
in thermal equilibrium. That is — that 
the room’s temperature has been 
found according to a standard, accep- 
ted scale. 
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COMET is a collection of lumps of 
matter. Probably none of the 
lumps has a diameter greater than 30 
miles, and the total mass of the comet 
is almost certainly less than one ten- 
thousandth of the mass of the Earth. 
In size and mass, the comet is insigni- 
ficant compared with the planets of 
the Solar System. But as a comet 
approaches the Sun, its brightness in- 
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from the Sun (a hundred thousand 
times the distance of the Earth from 
the Sun). 

At the outermost point of its orbit 
the comet is totally invisible. It is so 
small that it cannot reflect enough 
light from the Sun to be visible, and so 
cold that it emits no light of its own. 
The lumps of solid denser matter are 
coated with gases — including methane 
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ORBIT OF HALLEY’S C 


The orbit of Halley’s comet takes it out almost as far as Pluto, the outermost planet of 
the Solar System. Its tail begins to grow as it approaches the Sun. 


creases enormously. It develops a 
luminous tail which may be up to 200 
million miles long — twice the distance 
of the Earth from the Sun — and the 
comet may appear as one of the most 
prominent objects in the sky. 

At one time it was thought that the 
appearance of a comet was entirely un- 
predictable. But many comets are 
regular visitors. They are in fact part 
of the Solar System: like the planets, 
they orbit the Sun, but unlike the 
planets, their orbits are highly ellipti- 
cal. The Sun is at one of the foci of a 
very elongated ellipse. At one end of 
its orbit the comet passes close to the 
Sun: at the other end, it may travel to 
the extremity of the Solar System, per- 
haps ten million-million miles away 
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(CH,), carbon monoxide (CO) and 
cyanogen (C,N,) — frozen solid in the 
intense cold of the outer regions of the 
Solar System. As it approaches the 
Sun (and hence the Earth) it reflects 
more light, and can be detected witha 
telescope. It intercepts radiation 
streaming out from the Sun, and this 
radiation evaporates part of the comet 
material, directing it away from the 
Sun, to form the comet tail. 

The tail always points away from 
the Sun. There are two theories which 
explain why this is so. According to one 
theory, the tail is forced away from 
the Sun by the pressure of the radiation 
emitted by the Sun (all kinds of 
radiation, including heat and light, 
exert a pressure, called a radiation 
pressure). But one recent comet, the 
Arend-Roland comet, first seen in 
1956, developed an odd ‘spike’ point- 
ing in the opposite direction, towards 
the Sun. The spike lasted for only a 
short time during the end of April, 
1957, but it is difficult to account for it 
on the radiation pressure theory. 

The comet’s tail is probably formed 
when it is bombarded by electrically 
charged particles, also emitted by the 
Sun. Electrostatic forces repel the tail 
away from the Sun. On this theory, a 
tail pointing towards the Sun is 
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GASEOUS COMA 


The comet consists of a solid nuc- 
leus, made of lumps of meteoric 
rock. This may be about 400 
miles across. Surrounding it is 
the gaseous coma, about 80,000 
miles in diameter. The tail may 
be up to 200,000,000 miles long. 


Two the 
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The pressure of the Sun’s radiation drives 
small particles away from the comet head. 


possible, for charged particles can both 
repel and attract each other (like 
charges repel, unlike charges attract). 
Under certain circumstances, part of 
the tail might become charged so that 
it would be attracted towards the Sun. 

The comet goes round the Sun, and 
then starts back on its long journey 
through the Solar System. Encke’s 
comet will be back again in about 3.3 
years. It has the shortest period of any 
known comet, and, since it was first 
discovered in 1786, not a single return 


Estimating the mass of a comet 


The masses of even the brightest 
comets are insignificant compared 
with the mass of the Earth. In 1770, 
Lexell’s comet came within a million- 
and-a-half miles of the Earth, but had 
no noticeable effect on the Earth’s 
orbit. If the comet’s mass were equal 
to that of the Earth, then the gravita- 
tional pull of the comet on the Earth 
would have delayed the Earth in its 
orbit, and the year would have been 
lengthened by about 2% hours. But no 
lengthening of the year was noticed, 
so it is certain that the comet must 
have been much smaller than. this. It 
works out that the comet’s mass was 
less than one-tenthousandth that of 
the Earth. 


has been missed, although the comet 
can be seen only with the aid of a tele- 
scope. 

Comets are so small, and so com- 
paratively light that they are easily 
deflected as they pass by the planets, 
especially the two largest, Jupiter and 
Saturn. Their paths may be distorted 
so much that they fly off into space, 
and never approach the Sun again. 
Although many comets do come back 
at fairly regular intervals, the period 
(i.e. the time between consecutive 
times of closest approach of the Sun) is 


Electrically charged particles from the 
Sun repel charged particles in the comet. 


likely to be affected if the comet’s path 
takes it near Jupiter or Saturn. The 
most famous of all comets, Halley’s 
comet, has a period of about 76 years. 
It was last seen in 1910, and it is ex- 
pected to return in 1986. But some of 
its appearances have been delayed by 
up to 15 months because it approached 
Jupiter and Saturn too closely. 

Each time a comet approaches the 
Sun, it grows a fresh tail. So matter is 
being continually evaporated from the 
comet, and it becomes gradually 
smaller and smaller. Some comets have 
been seen to disintegrate. Biela’s comet 
split into two parts as it approached 
the Sun in 1846. The two parts drifted 
apart, and they were seen as two 
separate comets when they next ap- 
proached the Sun in 1852. The comets 
then broke up into smaller pieces, 
which were observed during a later 
orbit as ‘shooting stars’. 

Comets are being continually lost 


The density of the tail 


Although the comet’s tail may appear 
bright and luminous, the gases in it are 
very, very rarefied. They are probably 
a million-million-million times less 
dense than ordinary air. Stars can be 
seen through the tail, and their bright- 
ness is not reduced at all. On several 
occasions the Earth has passed through 
a comet’s tail, with no noticeable 
effect. 


through disintegration. Still more are 
lost as they are deflected away into 
space by the planets. There is no 
evidence that the Solar System catches 
comets, but even though it seems to be 
steadily losing them, about four new 
comets are discovered each year. 
There is a seemingly inexhaustible 
supply of them. 
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A model of the second stage of the transistor super-het, with the 
components arranged, for clarity, as in the circuit diagram (right). 
Ina real circuit the components are arranged differently, and the 

position of each ts critical for good results to be achieved. For 

example, the lengths of connecting wires in some parts of the circuit 

must not be too great. Each of the metal cans contains a transformer 

and a tuning capacitor which comprise a tuned circuit. Each can 

as connected to earth as 1s the outer case of each transistor, to prevent 

outside interference from being ‘picked up’ and amplified in the 

succeeding stages. 
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The amplified current coming out of the transistor is the 
emitter-to-collector current. Originally this was a direct 
current. But large variations have been imposed on it by the 
much smaller variations in the current entering the base. 
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The Transistor 


HE tuning knob on a super-het radio receiver is 
connected to two variable capacitors. When the 
knob is twisted, the plates of the two capacitors are rotated 
together (they are said to be ganged), and the capacitance 
of both of them is altered at the same time. Each of the 
capacitors is a part of a tuned circuit —1.e. a circuit which 
responds far more to radio signals of a particular range of 
frequencies than to any other frequencies. By altering the 
capacitance of the tuning capacitors the frequency to 
which each tuned circuit responds (its resonant frequency) 
is altered. 


These resistors set the 
current entering the 
bases of the transistors 
at the correct values. 


The shielding case 
around the trans- 
former is connec- 
ted to Earth. 


BN 


These components prevent all alternating 
signals but the required ones from reaching 
the transistors. 


Super-Het Radio Receiver 


Each radio programme is carried by radio waves of a 
certain frequency: so the required programme can be 
selected by twisting the tuning knob and varying the 
resonant frequencies of the two tuned circuits. The essential 
property of a super-het radio set is that the two tuned cir- 
cuits are reasonant at two different frequencies, differing by 
about 465 kilo-cycles per second (kc/s). If, for example, the 
incoming radio signal has a frequency of 1,265 kc/s, the 
first tuned circuit (connected to the aerial) will be resonant 
at 1,265 kc/s, while the second tuned circuit is oscillating at 
800 ke/s. The difference in frequency is 465 kc/s (1,265 — 
800). When the two signals are mixed together, or 
heterodyned, the mixture is a signal of a frequency equal to 
the difference in frequency between the two original 
signals. This is a consequence of the interference of radio 
waves of one frequency with waves of another frequency. 
The new, 465 kc/s signal is called the intermediate frequency 
signal, because its frequency is higher than the audio 
frequency signal (the actual information carried by the 
radio wave) and lower than the frequency of the original 
radio wave. The heterodyning step is carried out because 
the intermediate frequency signal is easier to deal with in 
the subsequent stages of the transistor set. 

Amplifying the intermediate frequency 

From the first part of the super-het receiver (the 
amplifier-oscillator stage described on page 1150) the 
signal passes through two more transistors, which amplify 
it further. But the signal coming from the first stage 
contains three different signals — the original radio signal, 
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the signal produced by the oscillator, and the intermediate 
frequency signal. Only the last of these is required. So the 
first stage is connected, or coupled, to the second stage by 
another tuned circuit, this one tuned to the intermediate 
frequency. So most of the intermediate frequency signal 
(and of course the audio frequency signal it is carrying) 
gets through to the base of the first transistor, while the 
proportion of the other two signals is very much reduced. 

The signal enters the transistor through the base. By 
affecting the tiny base current (which flows into the tran- 
sistor when no signal is being fed into it), the signal can 


cause much larger variations in the emitter-to-collector 
current. This is the amplified signal. 

Connected to the collector of the transistor is yet another 
tuned circuit. Again, this circuit is designed to reduce the 
proportion of the radio and oscillator signals, while passing 
the intermediate frequency on to the next transistor 
amplifier. In the section shown in the model, there are two 
transistors and three tuned circuits. As the signal passes 
through each transistor, it is amplified, and whenever one 
amplifier is connected to the next by a circuit tuned to the 
intermediate frequency (465 kc/s), signals of any fre- 
quency other than 465 kc/s are reduced in intensity. So by 
the time the signal gets to the end of this stage, it is very 
much larger and it consists of just the intermediate fre- 
quency, modulated. by the audio-frequency signal. In the 
next stage these two signals will be separated. 
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METEOROLOGY | 


HURRIGANES AND TYPHOONS 


HE most destructive and terrible 
storms are the tropical cyclones 
which occasionally roar inland from 
the sea in certain parts of the world. 
They are usually referred to as hurri- 
canes, though the name strictly applies 
to storms that start over the West 
Atlantic. Similar revolving storms also 
blow up in the Pacific Ocean and the 
Indian Ocean, where they are known 
as typhoons. 

Hurricanes cause enormous destruc- 
tion and kill thousands of people each 
year, mainly because of the high 
winds involved (up to 100 miles an 
hour, or more). Not only is it the winds 
that create such havoc. Giant 40 foot 
waves, whipped up by the hurricanes, 
sink ships and produce storm tides 
which can wreck harbours and sea- 
walls. 

Hurricanes always begin at sea 
within 20° of the equator. Here, in the 
intense heat of the tropical sun, 
enormous quantities of water are con- 
tinually being evaporated from the 
surface of the sea to form a deep layer of 
warm, moist air. These are the surface 
conditions which seem ideal for feed- 
ing a hurricane. But how such a dis- 
turbance can begin in the first place is 
something of a mystery, for the 
weather of this region is calm to the 
point of monotony. 

According to one theory the origin 
of a hurricane lies in the upper air, 
above 10,000 feet, where atmospheric 
conditions are far less tranquil than at 


Hurricane hunters keep a storm under 
constant watch, plotting its intensity and 
probable track. 


lower levels. A depression or ‘low’ at 
this height breaks through the trade 
wind inversion (the boundary separating 
moist air below and dry air above), 
and allows the surface air to rise 
rapidly to great heights. Whether or 
not this is the correct mechanism, the 
fact remains that the warm, moisture- 
laden surface air does not rise in a 
layer but funnels upwards like a pillar 
from the sea. As the air rises it cools 
and the water vapour it contains con- 
denses to form thousands of tons of 
rain. This is how a hurricane is fed, for 
in this process the moisture gives up 
the heat that originally evaporated it 
from the sea. Consequently enormous 
quantities of heat are fed back to the 
air, making the updraught even more 
intense. 

As the surface air rises, more air 
moves in to take its place and keep the 
updraught moving. The spin of the 
Earth deflects these currents to one 
side, to the right in the northern hemi- 


The lashing rain which rings the calm eye of 
a hurricane shows up clearly on a radar 
screen. 
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sphere and to the left in the southern 
hemisphere. So instead of blowing 
directly into the low pressure core, the 
air spirals upwards around it, balanced 
on one side by the tendency to move 
towards low pressure and on the other 
side by a strong pull away from the 
centre (the same outward pull that 
makes a stone twirled in a sling fly 
outwards when released). Whirling 
faster and faster the storm officially be- 
comes a hurricane when the wind 
speed exceeds 75 m.p.h. The ultimate 
wind speed may reach 150 m.p.h. but 
the storm as a whole, which may be 
anything up to 300 miles across, moves 
like a spinning top across the ocean ata 
sedate 20 m.p.h. 

The most characteristic feature of a 
hurricane is the central ‘eye’, a region 
of calm air between 15 and 30 miles 
wide which lies at the very heart of the 
storm ringed by howling winds and 
boiling clouds. In the eye of a hurri- 
cane the temperature is high (owing to 


Radivsondes measure the temperature, pres- 
sure and humidity of the air in the hurri- 
cane’s eye. 


descending air being compressed) , and 
pressure extremely low (the record 
being 26.35 inches of mercury — about 
nine-tenths of normal sea level pres- 
sure). 

Hurricanes usually develop in the 
early autumn well east of the West 
Indies in the Atlantic Ocean. The 
storms travel westward first until they 
reach the Gulf of Mexico or Florida. 
Then they either continue on over 
Mexico or, more often, veer to the 


north. The few hurricanes which 
actually cross the coast have a deva- 
stating effect but usually die down 
fairly rapidly over the land, partly 
through friction with the ground and 
partly through a lack of ‘fuel’ ice. 
enormous quantities of moisture-laden 
air. 

Typhoons build up in the low lati- 
tudes of the Northern Pacific. They 
are born in much the same way as a 


manner in the northern hemisphere. 
hurricane. They sweep across the 
South China Sea in the months of June 
and November. Some travel west and 
reach the coasts of Indo-China and 
China, others swing northwards and 
unleash their fury over Japan. They 
also swing south-eastwards and play 
themselves out over Australia. 
Tracking a Storm 

During the hurricane season meteoro- 
logists in the United States keep a care- 
ful watch on the Atlantic and Carib- 
bean. When they have received 
evidence that a new hurricane is on 
the way, they send out planes to 


search for it. The pilots of such planes 
are known as hurricane hunters. They 
radio back information on the speed 
and direction of the hurricane. In this 
way they keep track of it hour by hour. 
They also try to predict where it will 
strike. Weather warnings are issued to 
towns in the storm’s path. 
Hurricanes 

Hurricanes are identified by girl’s 
names, such as ‘Hurricane Audrey’ or 
‘Hurricane Hazel’, in alphabetical 
order. The names are changed each 
year. There are similar weather fore- 
casting stations in Australia, but not 
on such an organized scale. 

Suppose that the weather forecasters 
in Florida have spotted a thunder- 
storm over the Atlantic. In the area, 
the air pressure falls. A definite centre 
of low pressure forms, with winds 
spiralling into it in hurricane fashion. 
This is a typical hurricane which 
moves westwards, gathering strength. 
A ship radios squally weather to the 


Diagram illustrating the characteristics of 
a hurricane in the northern hemisphere. In 
the southern hemisphere the winds would 
spiral in a clockwise direction. 


forecasting station. The forecasters 
christen the new-born — hurricane 
‘Diana’. That means it is fourth hurri- 
cane of the year, because ‘D’ is the 
fourth letter of the alphabet. 

Hurricane hunters fly out to ex- 
amine and pin-point the storm. They 
fly right through the eye, which shows 
up on their radar sets. They drop 
instruments called radiosondes on 
balloons and parachutes into the eye. 
Radiosondes measure temperature, 
pressure and the humidity (water 
content) of the air. Wind speeds are 
also taken. Hurricane warnings are 
issued to all coastal towns likely to be 
struck. 

‘Diana’ may swing north after two 
days. When ‘Diana’ does swing inland, 
it will do an immense amount of 
damage to buildings and crops. By now 
most of the people in the towns will 
have had fair warning of the storm’s 
approach. The storm finally dis- 
appears somewhere over Iceland. 


The paths of tropical cyclones. The south-western North Pacific has the greatest number of 
tropical cyclones and these typhoons often surpass the Atlantic hurricanes in intensity. 


PATHS OF TROPICAL CYCLONES 
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UGAR dissolves more easily in 
freshly poured tea than in a cup of 
tea which has been left standing for a 
while and has cooled. With many other 
solid substances, too, larger quantities 
will dissolve in a solvent when it is hot 
than when it is cold. Furthermore, at 
any one temperature, there is a great 
variation in the quantity of different 
substances which will dissolve in the 
same amount of a solvent. 

A substance like potassium car- 
bonate is said to be very soluble in 
water because very many of its crystals 
have to be added to the water before 
no more will dissolve. When some of 
the crystals remain on the base of the 
container and will not dissolve even 
after a lapse of time, the solution is said 
to be saturated. In contrast, a saturated 
solution of a substance like calcium 
hydroxide (slaked lime) is obtained 
after only a few lumps are added to the 
water. Calcium hydroxide is, there- 
fore, only slightly soluble in water. 

Although it may be sufficient, in 
many instances, to know that potas- 
sium carbonate is very soluble while 
calcium hydroxide is only slightly 
soluble, there are occasions where it is 
necessary to be more precise about the 
solubility of a substance. Chemists 
have, therefore, defined solubility as the 
number of grams of the substance (i.e. 
the solute) which at a specified tem- 
perature will dissolve in 100 gm. of the 
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solvent to form a saturated solution. 

Thus the first step in measuring the 
solubility of a solid is to make a satur- 
ated solution. This may, of course, be 
done by placing an excess of the sub- 
stances in powder form into a flask, 
shaking it vigorously and then leaving 
it for a few days to finish dissolving. 
(The solid is reduced to powder since 
small particles dissolve more rapidly 
than large crystals). 


The solubilities of most solids increase 
as the solution temperature rises, so by 
heating the water more of the copper 
sulphate crystals dissolve. 


There is, however, an alternative 
and quicker method of making a 
solution which will be saturated at a 
particular temperature. The solvent is 
heated until its temperature is well 
above the required level. Small por- 
tions of the powdered solid are stirred 
in until no more will dissolve (i.e. until 


some of the powder remains on the 
bottom of the beaker some time after it 
was added). Then the solution is set 
aside to cool. If it is required that the 
solution shall be saturated at a tem- 
perature other than room tempera- 
ture, it must be placed in a thermo- 
statically controlled bath, which is 
maintained at the required tempera- 
ture. 

This method is, of course, only 
applicable to substances whose solu- 
bilities increase as the temperature of 
the solution is raised. Thus, as the 
solution cools it becomes more satu- 
rated. Once the solution is saturated, 
any further cooling should result in 
small crystals of the solute (i.e. the 
dissolved substance) being deposited. 
As cooling continues, the crystals grow 
because more of the solute is rejected 
from the solution. So the solution is 
saturated at any temperature below 
that at which crystals first started to 
form. But before a sample is with- 
drawn, time must be allowed for the 
solution to reach equilibrium. This 
applies particularly if the solution is 
being cooled, for all the solution must 
be at the same temperature and an 
opportunity must be provided for 
further crystals to be deposited. 

Once the saturated solution has 
been made, all that remains is to find 
out how much of the solid is dissolved 
in a known weight of the solvent. A 
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Determining the solubility of a solid. 


WEIGHING DISH PLUS 
SATURATED SOLUTION 
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convenient way of doing this is to 
draw off into a pipette between 20 ml. 
and 30 ml. of the solution. Great care 
must be taken in using the pipette lest 
a few fine crystals are also withdrawn 
at the same time. (Alternatively the 
solution may be decanted to separate 
it from the deposit of crystals). 

The contents of the pipette are then 
run into a previously weighed evapor- 
ating dish. The dish is weighed again 
after the solution has been added and 
then the solution is heated carefully so 
as to drive off the solvent. The final 
stages of the evaporation must be 
carried out cautiously, as many solids 
tend to spit when they are almost dry. 
The last traces of solvent are best re- 
moved by drying in an oven. 

After the evaporating dish, which 
now contains only dry crystals of the 
solute, has cooled and been weighed, 
the dish may be heated again in the 
oven to see if all the solvent has been 
driven off. To be quite sure that the 
correct weight is recorded, the pro- 
cesses of heating, cooling and weighing 
should be repeated until two successive 
readings are the same. 

From the sequence of weighings, the 
weight of solid and the weght of pure 
solvent (not the weight of solution) can 
be found. It is then fairly easy to cal- 
culate the solubility of the substance at 
that temperature. 

The easiest way of depicting the 
variation in the solubility of a sub- 
stance with temperature is to plot the 
information on a graph. Such graphs 
are known as solubility curves. To obtain 


These curves show the variation with 
temperature of the solubilities of 
crystalline substances. Whereas the 
solubility of sodium chloride only in- 
creases slightly as the solution is 
heated, much more potassium nitrate 
will dissolve in hot water than in cold. 
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the curve for one substance it may be 
necessary to determine its solubility at 
perhaps 5° intervals over the whole 
temperature range for which the 
solvent is a liquid. Once the curve has 
been plotted, the solubility at any 
temperature within the range may be 
read off. 

Under normal circumstances, the 
maximum amount of solid that will 
dissolve in a solvent at a certain tem- 


perature is the amount necessary to 


yield a saturated solution. It is some- 
times possible, however, to have a 
solution which contains rather more 
solute than is required to saturate it. 
Such a solution, which is unstable, is 
said to be supersaturated. 

Supersaturation usually occurs 
when a hot solution which contains 
neither crystals of the solute nor dust is 
set aside to cool. The excess of solid 
may remain in solution so long as the 
solution is left undisturbed, and no 
dust is allowed to enter the container. 
However, once a tiny crystal of the 
solid is dropped into the solution, 
crystallization starts at once and con- 
tinues until only sufficient solid to 
saturate the solvent remains in solu- 
tion. Solutions of some solids (e.g. 
sodium thiosulphate or ‘hypo’) are 
particularly liable to become super- 
saturated, and it is for this reason that 
a few crystals should always be present 
in a vessel containing a saturated 
solution. 

This article has been concerned only 
with solutions of solid substances, 
although both liquids and gases dis- 
solve as well. But whereas the solu- 
bilities of solids usually increase as the 
temperature of the solutions increase, 
the solubilities of gases fall off as the 
solvent is heated. Carbon dioxide and 
to a lesser extent oxygen dissolve in 
water, but both gases can be driven off 
from the water by heating. Some of the 
first bubbles which rise in water as it is 
being heated towards its boiling point 
contain the gases which had previously 
been dissolved in the water. 
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NA IURAL GAS 


NE of the major hazards facing the 
coal-miner is fire-damp. This is a 
colourless, odourless gas that escapes 
from the coal seams. It can be ignited 
by the smallest spark and such ex- 
plosions have caused many pit- 
disasters. The same gas often bubbles 
to the surface when the mud of a 
stagnant pond or swamp is disturbed. 
For this reason, it is often called marsh 
gas. Under the name natural gas, it 
occurs in large quantities in association 
with oil deposits. 

Natural gas is not a simple com- 
pound but a mixture of a number of 
gases. The commonest of these is 
methane — CH, which may be present 
as 50-90%, of the gas. The other sub- 
stances in natural gas are mainly 
ethane, propane and butane — higher 
members of the same series as methane 
(the paraffin series). 

Natural gas is formed when dead 
organisms decay in the absence of free 
oxygen. Bacterial action slowly re- 
moves the oxygen bound up in the 
material and leaves carbon and hydro- 
gen (the other two main elements in 
living organisms). These combine to 
form various hydrocarbons such as me- 
thane. As the sediments become 
buried, pressure and heat continue to 
force out the gaseous materials. The 
process is slow, however, and coal that 
has been buried for millions of years 
still contains a fair amount of gaseous 
and volatile material. This accounts 
for the presence of methane in mines 
and is the basis of the coal-gas in- 
dustry. When strongly heated without 
air, coal gives off coal-gas (mainly 
hydrogen and methane) together with 


tar and other oily materials. The resi- — 
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due (coke) is almost pure carbon. 

The huge reservoirs of natural gas 
associated with petroleum deposits 
reflect the different origins of coal and 
oil. Coal was formed in swamps from 
woody plant-remains, whereas oil is 
believed to be derived from the bodies 
of countless millions of marine organ- 
isms (plankton). Presumably these 
plants and animals sank in partly land- 
locked seas where oxygen was short, 
and began to decay. Planktonic or- 
ganisms contain far more fats and oils 
than woody plants. Fats contain a 
higher proportion of hydrogen than 
other carbohydrate materials. This 
means that more hydrogen is available 
to form hydrocarbons. Not only the 
gaseous forms, such as methane, but 
the many compounds that make up 
crude petroleum must have been 
formed in this sort of way. Bubbles of 
gas and oil became trapped in the 
sediment and gradually covered. The 
pressure of overlying rocks forced the 
oil and gas into porous rocks such as 
sandstone where they are now found, 
effectively sealed by cappings of clay 
or other impervious rock. 

Until fairly recently, natural gas 
was allowed to escape from many oil- 
wells as a waste material. It is, how- 


In the never-ending search for oil and gas, 
drilling-rigs such as this are being erected 
in likely places all over the world. 


ever, the most efficient of all fuel gases 
(containing more than 95°,, combust- 
ible hydrocarbons) and every effort is 
now made to conserve the supplies and 
make efficient use of them. Gas is often 
used as a source of power at the oil 
wells themselves and can easily be 
transported by pipeline for use else- 
where. For some time natural gas has 
been the main fuel gas in parts of the 
U.S.A., and many other countries are 
following their example. Huge tankers 
are now being constructed to carry 
liquid methane (natural gas) from the 
Algerian Sahara to Great Britain. 
Even allowing for the cost of transport, 
the gas is cheaper than coal gas because 
of its superior heating efficiency. 

Where a piped gas supply is not 
available, ‘bottled’ gas is often used. 
This is mainly butane and propane 
which are easily liquefied by cooling or 
compression .of natural gas, and 
‘bottled’ under pressure. 

Some sewage purification works 
produce a great deal of methane in the 
sludge digesters. The gas is used to 
power the equipment at the works and 
has also been used to drive lorries. In 
terms of saving on other fuels, the 
methane is a very valuable by-product. 


FAMOUS SCIENTISTS 


OR hundreds of millions of years 
the rocks of North Wales have 
been subjected to earth-movements, 
volcanic activity and erosion. They 
have been altered and contorted so 
much by heat and pressure that it is 
difficult to make out their original 
form and structure. The credit for 
tracing the history of these rocks and 
unravelling their structure belongs 
primarily to Adam Sedgwick. Before 
his time, the rocks of much of Wales, 


The entrance to the Sedgwick Museum at 
Cambridge, which was opened in 1904. 
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the Lake District, and Scotland were 
labelled ‘Transition’ rocks. Werner 
gave them this name because they 
appeared intermediate in character 
between the ‘Primitive’ rocks (granites, 
etc.) and the layered rocks (sand- 
stones, limestones, etc.). We now call 
the “Transition’ rocks the Lower Palaeo- 
zoics. Sedgwick was the first man to 
study them in detail. They are mainly 
hard, fine sandstones, slates, and 
shales, together with some volcanic 
rocks. 

Adam Sedgwick was born at Dent, 
in the West Riding of Yorkshire, in 
1785. He embarked upon a career in 
the Church and, after graduating 
from Trinity College, Cambridge, he 
became a lecturer in theology. In 1818 
he was ordained as a priest and, at 
about the same time, was offered the 
Chair of Geology in the University of 
Cambridge. Sedgwick accepted this 
honour with the remark ‘Hitherto I 
have never turned a stone, now I shall 
leave no stone unturned.’ 

Sedgwick spent more than fifty 
years as Professor of Geology and 
during this period worked hard to 
establish the subject on a sound, 
scientific basis. He took a leading part 
in the Cambridge Philosophical 
Society and in the London Geological 
Society. Most of his writings are to be 
found in the records of these societies. 
His most important contributions are 
those concerning the Palaeozoic rocks 
of Britain. 

Some of Sedgwick’s early work was 
done in the Lake District, close to his 
home. By paying close attention to the 
nature of the rocks, and by careful 
mapping, he was able to follow the 
changes that had taken place and to 
work out the original structure of the 


The Reverend Adam Sedgwick studying 
maps of the Welsh Mountains. 


area. After this, Sedgwick turned his 
attention to North Wales. He found 
the base of the ‘Transition’ rocks lying 
on a platform of ‘Primitive’ rocks. 
Again, by paying close attention to 
details of faults and changing rock 
types, he was able to unravel the his- 
tory of the area, and produce accurate 
maps. He named the rocks with which 
he worked Cambrian, after Cambria, 
the Roman name for Wales. Sedgwick 
was not primarily interested in fossils 
but he understood their value and kept 
all those that he found for identifica- 
tion. Many of them bear his name. 
When these fossils were compared 
with those found by Murchison further 
south, it was realised that there were 
three distinct populations. The 
“Transition’ rocks thus became divided 
into Cambrian, Ordovician and Sil- 
urian systems. 

Throughout his life Sedgwick main- 
tained his religious connections and 
was, for some time, Canon of Norwich. 
This may have been responsible for his 
strong opposition to Darwin’s theory 
of natural selection and “The Origin of 
Species’. Sedgwick died in 1873. His 
name is remembered in the Sedgwick 
Museum and the Sedgwick Club in 
the University of Cambridge. 
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PHYSICAL CHEMISTRY | 


FLA MM FE 


LAMES occasionally flicker and 
dance over the surface of a burn- 
ing coal fire, but most of the time the 
fire is flameless, illuminated only by 
the red glow of burning solids. The 
flames leaping from it are areas in 
which gases are burning. When they 
burn, these gases combine with the 
oxygen of the air and in doing so, heat 
and light are given out making the 
flame hot and often visible. 

If a gas will burn, then it always 
burns with a flame. For example, the 
gases carbon monoxide and hydrogen 
always burn with flames, carbon mon- 
oxide with a bright blue flame and 
hydrogen with a paler blue flame. But 
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Arrows show gas movements in the different 
mantles of a roaring Bunsen flame. 


there is no hard and fast rule for solids. 
Some burn with flames; others do not. 
When some hot iron filings are lowered 
into a jar of oxygen, they burn with a 
dull red glow, but not with a flame. In 
contrast, under similar conditions, 
warm yellow phosphorus will burst 
into flame and cannot be made to burn 
flamelessly. If the temperature is 
raised sufficiently for some of the solid 
to vaporize, it burns with a flame as 
the vapour catches fire. If no vapour is 
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given off then there can be no flame. 
Volatile substances burn more often 
with flames than non-volatile sub- 
stances. 

To get a piece of paraffin wax to 
burn with a flame it must be heated 
quite strongly. But if a wick is inserted 
to make it into a candle, no such strong 
heating is necessary. When a match is 
applied, some of the wax melts, and it 
is drawn up the wick by capillary 
action. The tip of the lighted wick 
becomes incandescent and the heat 
generated causes some wax to vaporize 
and catch fire. More wax rises up the 
wick to take its place. 

Before any gas or vapour can burst 
into flame a certain temperature must 
be reached. The lowest temperature at 
which the substance will take fire is 
known as the ignition temperature. The 
ignition temperature is not a fixed 
value for a particular gas for it varies 
with the conditions. Gas pressure and 
the presence of catalysts can affect it. 
At very low pressures, gases are made 
more difficult to set alight because the 
ignition temperature is much higher. 
For inflammable liquids this tempera- 
ture is known as the flash point. It is the 
lowest temperature at which the liquid 
gives off a vapour that will burst into 
flame. 

Whenever a temperature drops be- 
low the ignition temperature then the 
flame goes out. This is the theory 
behind putting a bucket of water ona 
fire to extinguish it. The water takes 
heat from the fire to raise its tempera- 
ture and convert itself into steam. The 
fire loses heat and its temperature 
drops to below the ignition point. The 
flame dies. 
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When a piece of metal gauze is held 
above a Bunsen burner and a lighted 
taper is applied below, the flame 
formed has no tip. The flame is stopped 
by the gauze because the metal con- 
ducts heat away, preventing the gas 
above from reaching the ignition 
point and so it cannot catch fire. When 
the experiment is repeated, this time 
by applying the flame above the gauze, 
for the same reason, only the gas above 
the gauze catches fire. There is no 
flame, only unburnt gas beneath it. 

Flames differ in appearance. There 
are several reasons for this. The flames 
may have different structures. Apart 
from at the centre, a candle flame 
appears uniformly yellow throughout; 
so does a luminous Bunsen flame, 
whereas a roaring Bunsen flame has an 
inner blue cone surrounded by an 
outer transparent cone. All flames also 
have a central zone of unburnt gas at 
the base. This is quite easily demon- 
strated by holding a piece of asbestos 
paper so that it cuts across the lower 
part of the flame. A hollow ring of soot 
is deposited by the burning gas or 
vapour but none by the unburnt gases. 
Holding another piece of asbestos 
paper vertically in the flame shows the 


Gases can only burst into flame above the ignition temperature. Below it, the flame goes out. 


If gases are inflammable, they always burn with flames. Some solids burn with flames, 


others do not. 


zone of unburnt gases to be cone- 
shaped. 

The candle flame and the outer cone 
of the Bunsen flame are both examples 
of diffusion flames. When the candle is 
lit, the vaporized paraffin wax diffuses 
out from the wick and mingles with 
the air needed for its combustion. The 
gases which have been only partly 
burnt in the inner cone of the Bunsen 
flame behave similarly, diffusing out 
to mix with the inward diffusing air. 

The inner Bunsen cone is an ex- 
plosion or travelling flame. Ifa match is 
applied to one end of a tube of coal 
gas, the gas catches fire at that end 
and the flame travels along the tube, 
as each successive layer of gas is burnt. 

The blue cone is a flame of this type, 
only the gas issuing from the Bunsen is 
not stationary. The rate at which the 
flame travels down through the gas is 
balanced by the rate at which more 
gas issues from the burner to take its 
place. As the two balance, the flame 
appears to be stationary. The travel- 
ling nature of the flame can be further 
demonstrated by turning down the gas 
supply. Then the flame travels down 
into the burner faster than the gas can 
come out and the Bunsen lights at the 
bottom. This is known as striking back. 
The Bunsen should never be left to 
burn with this sort of flame as the 
bottom of the burner becomes over- 
heated. Also the gas is only partially 
burned and poisonous gases escape 
into the atmosphere. 

As for the Bunsen flame, flames of 
other burning substances can have 


various cones or mantles. The flame of 
burning ammonia consists of three 
different coloured mantles or cones, an 
inner cone of unburnt gas, a yellow 
middle cone and an outer mantle of 
yellowish-green flame. The flame of 
burning carbon monoxide is bright 
blue, and a candle flame, bright 
yellow. The different colours of flames 
are caused by the different chemical 
reactions taking place within them. If 
a flame has three mantles, then there 
are three different chemical reactions 
taking place, one in each mantle. Cer- 
tain substances in the flame give out 
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light of particular colours. If the re- 
action produces fragments consisting 
ofa carbon atom bonded with a hydro- 
gen atom, violet light is given out. The 
presence of two bonded carbon atoms 
tinges a flame with green. Carbon par- 
ticles give out red or white light. 

No completely satisfactory theory 
has yet been put forward to explain 
the luminosity exhibited by some 
flames. At one time it was thought that 
the luminous flames had solid par- 
ticles suspended in them. But it has 
been proved that although many 
luminous flames do contain particles 
of solid, this is not always so. It has 
also been suggested that with hydro- 
carbon flames the luminosity is caused 
by dense hydrocarbons rather than 
solid particles. 


Cool Flames 


The mind automatically associates 
flames with heat, but some are actually 
quite cool. Over a pressure range, par- 
ticular mixtures of vapour and air give 
flames which are comparatively cool, 
with temperatures around 300° C. 
compared with normal flame tem- 
peratures of over 1,000° C. Variation 
of composition or pressure may give 
rise to a normal flame or to an explo- 
sion. Naturally explosive mixtures 
must be avoided in car cylinders. 
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y flame. (right) the luminous Bunsen flame. 


gas. 


Flame structures. (left) the roaring Bunsen 


Both types have a central zone of unburnt 


| PHYSIOLOGY | 


HE pancreas is a large pinkish- 
white gland situated underneath 

the stomach in the loop of the duo- 
denum. It is really two glands in one. 
It consists mainly of an elaborate net- 
work of tubes or ducts, the blind ends 
of which are surrounded by fluid-pro- 
ducing cells. These release their secre- 
tions into the tubes which channel the 
fluid to the duodenum. This pancreatic 


juice, as it is called, contains several 
{enzymes whose action is of major im- 
_ portance in the breakdown of the food 
_ into molecules that the body is able to 
_ absorb. 


_ Interspersed like islands amongst 


this mass of enzyme-producing tissue 
are numerous patches of cells (some- 
times almost two million), known as 
Islets of Langerhans after their dis- 
coverer Ernst Langerhans, a German 
biologist. The islet tissue has a rich 
blood supply but lacks any ducts. It 
produces the hormone insulin, which 
is released into the blood. It is this 
endocrine function of the pancreas that 
will be discussed here. 

Early workers were interested in the 
digestive role of the pancreas, but, as 
so often happens, research on one par- 
ticular aspect of a problem inadvert- 
ently leads to discoveries of great 
significance concerning another 
aspect. Johann von Mering and Oscar 
Minkowski, two German physiologists, 
had removed the pancreas from several 
dogs with the aim of observing any 
digestive abnormalities. They also dis- 
covered, however, that the urine of the 
dogs contained large quantities of 
sugar. Similar experiments confirmed 
these observations and so a clue to the 
non-digestive role of the pancreas was 
provided. 

Researchers recognised that the 
symptoms produced in the dogs re- 
sembled those of humans. suffering 


Frederick Banting with a diabetic dog. By 
injecting pancreas extracts into th d2z 
he relieved the diabetes and showed that a 
substance produced by the pancreas controls 
the blood sugar level. In the background are 
Charles H. Best and John Macleod (at 
rear) who shared the Nobel Prize for 


medicine with him. 


C© THE PANCREAS 


from diabetes mellitus. Clearly, an 
understanding of the nature of the 
canine condition might provide useful 
knowledge of the human disease. In 
1922, Dr. (later Sir) Frederick Banting 
and Dr. Charles Best, in collaboration 
with John Macleod, showed that in- 
jections of pancreas extract could 
relieve diabetes. The active substance, 
‘insulin’, has now been isolated in a 
high state of purity from pancreas ex- 
tracts. It is a protein with a molecular 
weight of approximately two thou- 
sand. In the 1950’s Frederick Sanger 
succeeded in establishing its chemical 
structure. Today many diabetics are 
kept alive by means of self-adminis- 
tered injections of specially prepared 
forms of insulin. 

The presence of considerable quan- 
tities of sugar in the urine of diabetics 
suggests a relationship between insulin 
and the body’s utilization of sugar. 
The sugar appears in the urine as a 
direct result of a high blood sugar 
level. The kidneys remove unwanted 
sugar from the blood and pass it to the 
bladder in the urine. Injection of 
insulin into a diabetic causes a rapid 
lowering of the blood sugar level, and 
continued injections will maintain 
this reduced level indefinitely. The ab- 
normal metabolism of fat and protein 
common to diabetics is also corrected 
by insulin injection. In a diabetic per- 
son large amounts of protein, such as 
that of muscle, are broken down and 
converted into carbohydrates. This 


Many diabetics take self-administered in- 
jections of insulin each day. 1) After 
shaking the bottle its cap is cleaned with 
antiseptic. 2) the needle is inserted through 
the cap. 3) with the bottle upside down the 
plunger is pushed in — this lets air in — and 
is then withdrawn, sucking up fluid. 4) air 
bubbles are expelled and then 5) the needle 
is inserted into a pinched area of skin. 


causes wasting of the muscles and 
leads to an increase in the blood sugar 
level. 

Sugar, in the form of glucose, is the 
body’s fuel. It is burnt in the tissues to 
provide energy for muscle contraction 
and the many building and repair pro- 
cesses that are taking place continu- 
ally. The liver plays a central part in 
carbohydrate metabolism. It stores 
glucose in the form of glycogen—a 
carbohydrate whose molecules each 
consist of numerous glucose units. As 
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A section through pancreas tissue. 


the other tissues use up glucose, the 
level in the blood is maintained by the 
breakdown of the liver glycogen into 
glucose. Small quantities of protein 
and fat may also be broken down into 
glucose in the liver, and glucose in the 
food is absorbed directly from the gut 
into the blood vessels. Excess glucose in 
the food is stored by the liver. Insulin 
encourages the liver to produce glyco- 
gen. Its deficiency results in the over- 
production of glucose by the liver and 
the consequent increase in the blood 
sugar level. The metabolism of fat and 
protein are also greatly disturbed and 
abnormally high quantities are broken 
down into glucose thus enhancing the 
effects due to the breakdown of glyco- 
gen. Insulin lack causes the over- 
production of glucose, but it also 
seems probable that the cells are un- 
able to use carbohydrate in its absence 


or when reduced amounts of it are 
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The position of the pancreas in man. 


present. When insulin is deficient, pro- 
tein and fat are broken down in place 
of carbohydrate as an alternative 
means of supplying energy. In a way 
not yet understood, insulin acts on the 
cells enabling them to use glucose for 
providing energy. 

Adrenaline has the opposite effect to 
insulin. When it is liberated into the 
bloodstream (to prepare the body for 
action) it causes the liver to release 
extra glucose for muscular work. 

Anterior pituitary extracts also have 
the reverse effect to insulin, causing 
the liver to release sugar. It is possible 
that the pituitary produces a ‘diabeto- 
genic (diabetes producing) hormone’. 
Also the adrenocorticotropic hormone 
(ACTH), produced by the anterior 
pituitary, acts on the adrenals which 
produce hormones that cause a rise in 
the blood sugar level. This is due to the 
accelerated production of sugar in the 
liver from protein (not carbohydrate) 
and a reduction in the rate at which 
the tissues burn sugar. 

Recently another substance, which 
may prove to be a hormone, has been 
extracted from pancreas tissue. This 
has been termed glucagon. Its effect is 


the reverse of insulin and the same as 
adrenaline. Acting on the liver it 
causes breakdown of glycogen and the 
release of sugar. Possibly the produc- 
tion of glucagon is a built-in part of the 
machinery controlling insulin pro- 
duction. Excessive insulin may be as 
harmful as insulin deficiency, if it 
leads to a low blood sugar. The cells, 
particularly those of the higher centres 
of the brain, have certain minimum 
requirements for sugar. If these re- 
quirements are not satisfied, the brain 


Bating—a stage in the production of 
leather. It is made soft and supple by 
digesting unwanted hide matter in animal 
pancreas extracts. 


cells are unable to function properly 
and unconsciousness and death may 
result. 

Very occasionally tumours of the 
pancreas cause excessive insulin pro- 
duction, a condition which may be 
remedied permanently by removal of 
the extra tissue, or temporarily by the 
administration of glucose. 

Increase of the blood sugar level in 
the normal individual is immediately 
counteracted by increased insulin pro- 
duction by the islet tissue. The 


pituitary and adrenals also play a part 
in controlling the body’s utilization of 
carbohydrate and it is likely that the 
cells of the pancreas receive nerve 
signals through the gland’s autonomic 
nerve supply. 


| APPLIED SCIENCE | 


Splitting a thick hide. This operation requires much technical skill 
and precision, and 1s performed on thick hides after they have been 
treated with lime. The top or grain split is used in upholstery 
while the bottom or flesh split 1s made into suede leather. 


Leather TANNING 


NIMAL hides and skins, valuable 
though they may be, are of use to 
industry only after considerable pre- 
paration. The term tanning is some- 
times used to describe the whole pro- 
cess of converting hides into leather, 
but it also refers more specifically to 
one important stage in the sequence, 
the treatment of hides and skins with 
substances known as tannins. 

The leather trade distinguishes be- 
tween hides, the skins of larger, full- 
grown animals such as adult cattle, 
and skins, obtained from smaller or 
immature animals such as sheep and 
calves. Another important distinction 
made between skins which are pro- 
cessed with their external covering, 
e.g. fur or wool, still attached, and 
skins from which it is completely 
removed. 

The range of hides and skins pro- 
cessed to make leather is extremely 
wide. Skins from cattle, sheep, horses, 
buffalo, goats, pigs, antelope, rabbit, 
kangaroos, deer, walruses, seals and 
reptiles — all these are used in greater 
or less quantities. The most important 
are those from cattle. The hides from 
oxen and steers are used for making 
leather soles for shoes, those from cows 
and calves are employed in large 
quantities for shoe ‘uppers’. Other 
uses for leather include gloves, cases, 
industrial belting, book-binding, up- 
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holstery and external clothing. 

Before discussing the actual pro- 
cesses by which hides are turned into 
leather it may be useful to examine 
briefly the structure of such skins. A 
skin taken from an animal consists of 
three main layers. In the middle is the 
cerlum or dermis (true skin), which 
eventually becomes the leather. Above 
it the epidermis contains colouring pig- 
ments: below it is the hypodermis—a 
fatty layer which must be stripped 
away. 

Preparing the Hide 

The hides brought to the tannery 
are either fresh (i.e. from freshly killed 
animals), or preserved, an operation 
carried out by salting or drying. Where 
they have been preserved, the hides 
must first be soaked to remove the salt 
and to provide moisture. 

After cleaning, the hides are /zmed, 
a process which loosens the unwanted 
layers on either.side of the corium. 
Though details may vary, liming con- 
sists of immersing the hides in a mix- 
ture of milk of lime (a suspension of 
calcium hydroxide in water) and 
sodium sulphide. This process may be 
carried out in a pit or in revolving 
drums. The mixture destroys the epi- 
dermis and loosens the hair roots. The 
hypodermis is also loosened, so that 
the corium can be scraped clean when 
the liming is finished. 


Tanning. The split, bated hides are moved through this series of pits 
which contain tan liquors of increasing strength. When vegetable 
tannins are used, the tanning operation may take between two and 
three weeks to complete. 


Thick skins are sometimes split into 
two or more layers, which are known 
as grain splits and flesh splits according 
to the original surface of the corium 
which they retain. As there is con- 
siderable variation in the thickness of 
the different parts of cattle hides, they 
are usually cut or rounded into the back 
or butt, the shoulder and the belly. The 
thicker parts may be split sub- 
sequently. 

Before the skins can be tanned, the 
lime must be removed ~ first the skins 
are washed in clean water and then in 
a weak solution of ammonium chloride 
or of acid. The residual lime is re- 
moved in the next process — bating — in 
which the skins are rendered soft and 
pliable. They are treated with the 
enzymes extracted from cattle pan- 
creas and, as a result, hair roots, 
grease, lime, soap and remains of the 
epidermis are loosened. These can 
now be scraped away easily either by 
hand or by machine. 

Tanning 

A wide variety of both naturally 
occurring and manufactured  sub- 
stances may be used in this operation, 
the choice depending on the type of 
leather being produced. In Britain the 
traditional tanning substance (tannin) 
was obtained from oak bark, but 
shortage of supplies led to the use of 
many other vegetable tanning 
materials, derived from such trees and 
shrubs as the chestnut, the mimosa 
and the quebracho. Other tanning 
agents are alum (potassium alumin- 


ium sulphate), chromium sulphate, 


cod liver oil and formaldehyde. 

A not untypical example is the tan- 
ning of sheep skins with compounds of 
the metal chromium. The process is 
carried out in a paddle, and the skins 
are treated for about twenty hours. 
After the skins have been rinsed clean 
of the tanning fluid, they are /fat- 
liquored, i.e. paddled with a prepara- 
tion of sulphonated oils. This evens 
out the natural oils in the skin and 
reduces its tendency to crack during 
subsequent operations such as stretch- 
ing and seasoning. 


Dressing and Finishing 


After drying and sorting, the freshly 


tanned leather is usually shaved on the 


flesh side to remove any residual flesh 
and more particularly to make its 
thickness more uniform. Shaving is 
done mechanically by a bladed cylin- 
der that revolves at high speed. 

Leather can be softened by oiling, 
or its texture and possible uses altered 
by re-tanning. It is at this stage, too, 
that leather is dyed. It is not possible, 
however, to describe in this short 
article the great variety of natural and 
manufactured dyes available and the 
different methods of applying them to 
leather. 

Leather is then stretched, on metal 
frames, or by nailing the edges on 
board, and dried again. In modern 


After the leather has been shaved, it ts 
stretched over large wooden frames like 
this to remove all creases and wrinkles. 


After the leather has been tanned, it is softened by ‘oiling’. These 
hides are being removed from the revolving drums after being 
treated with sulphonated oils, 


tanneries, the drying is carried out in 
special cabinets in which the tempera- 
ture and humidity (amount of moisture 
in the air) are carefully controlled. 
Some leather is then further softened 
by staking. In the latter process the 
leather is scraped and flexed. 

The final treatments depend very 
much on the intended use for the 
leather. The leather may be dressed to 
bring up its natural grain and surface 
markings. Alternatively, it may be 
given a polished surface by one of 
several processes — by pressing it on a 
highly polished plate, and by drawing 
a metal roller rapidly across its surface. 
If the leather is heavily dressed with 
grease, this process is known as currying. 


1IQI 


ELECTRICITY 


STORING ENERGY IN RESERVOIRS 


FLECTRICITY in the modern world 

has a great many advantages over 
other forms of energy. It provides a 
clean and efficient method of heating 
and lighting, and of driving domestic 
appliances as well as machines in in- 
dustry. From the supply engineer’s 
point of view electricity has one great 
advantage. By the flick of a switch, 
enormous quantities of electrical 


In the pump-storage schemes both at 
Ffestiniog in Wales, and at Vianden in 
Luxembourg, reversible alternator/ 
motors are used. The motors are 
driven by electricity during the off- 
peak consumption periods and are 
linked to giant water pumps which 
drive the water up the hill into the 
upper reservoir. When it is required 
to generate electricity the pumps are 
disengaged, and the motors are run, in 
reverse, as alternators (generators of 
electricity) by the flow of the water 
down the hill. 


power can be directed, through the 
National Grid, from one part of the 
country which has a surplus to another 
part which has a shortage. 

There is, however, one big dis- 
advantage. An electric.current can never 
be stored. This is because a current is a 
movement of electrons along a con- 
ductor, and a movement cannot be 
stored. While gas supplies can be 
stored in gas-holders, and fuel oil in 


tanks, electricity has to be manu- 
factured at the generator as it is used. 

This would present no problem if the 
demand for electricity was the same at 
all times. However, there are some 
times during each day and night when 
great amounts of electricity are con- 
sumed, and other times when the 
demand is very much less. The de- 
mand varies sharply during a single 
day, and also from day to day, and 
sufficient electricity has to be made to 
meet the fluctuating demand at all 
times. 

This means that a large number of 
very expensive electrical power 
generators have to be available to 
supply electricity to the grid at ‘peak’ 
hours, but a high proportion of them 
stand idle during ‘off-peak’ hours. 
Ever since electrical power came into 
general use, scientists have tried to 
find new ways of storing it to help over- 
come this problem. Small quantities of 
electric charge may be stored in 
capacitors, and the accumulated charge 
turned into current as required, but 
the size of a capacitor needed to store 
useful amounts of electricity is ab- 
surdly large. 

Every practicable method has de- 
pended on the same basic principle 
that electrical energy has first to be changed 
into a different form of energy in order to 
store it. This principle applies, of 


The underground turbine hall of the Vianden pumped storage scheme in Luxembourg. The 
turbines drive the electric generators when water flows from the upper to the lower reservoir. 
When reversed, the generators act as motors which drive the pumps. A generating capacity of 


900,000,000 watts is planned. 
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course, to the accumulator where the 
electrical energy used in charging it is 
converted into chemical energy, which 
is reconverted to electrical energy 
when the battery is discharged. Al- 
though the battery provides a useful 
means of storing small quantities of 
electricity, a great number of giant 
batteries would be needed to solve the 
peak supply problem. 

In the pump-storage method electrical 
energy is converted into fotential 
energy, and is stored in this form. This 
is perhaps the most ingenious and suc- 
cessful method so far devised for the 
large scale storage of electricity. 

A large water reservoir is situated at 
the top of a hill. Excess electrical 
power produced during off-peak times 
at other power stations is fed into the 
Grid and is used to drive large pumps 
which lift water from the lower reser- 
voir up the hill into the higher reser- 
voir. During peak demand times the 
water in the upper reservoir is allowed 
to flow down the hill into the lower 
reservoir, and in doing so drives the 
turbines of electrical generators, pro- 
viding the electricity needed at that 
time. 

Thus, electrical energy is first con- 
verted by the pumps into kinetic energy 
of the water. As the water passes up the 
hill the kinetic energy is converted into 
potential energy. The potential energy is 
the form in which the energy is stored. 


When the water flows downhill the 
potential energy is converted back 
again, first into kinetic energy, and 
then into electrical energy. 
Whenever one form of energy is-con- 
verted into another, there is a certain 
proportion of it wasted. For example, 
when a battery is charged, a propor- 
tion of electrical energy is wasted in 
heating the cells. Similarly, no pump 
or generator can be made 100% 
efficient, because some of the energy is 
used to overcome friction in the 
moving parts, and is eventually lost in 
the form of heat. In the pumped- 
storage scheme at Ffestiniog, in North 
Wales, about 25°% of the energy is 


Profile of the Ffestiniog pumped storage 
scheme. The water gains most of its 
kinetic energy in a vertical drop of 650 
feet from the upper reservoir through shafts 
of 14 ft. 5 in. diameter. The total drop 


between reservoirs is about 1,000 feet. 


wasted in the storage and reconversion 
process, but the scheme is still well 
worth while economically in spite of 
this. 

To be of any practical use, pump- 
storage installations have to be enor- 
mous in size, and be capable of pump- 
ing and storing very large quantities of 
water. For example, in the station at 
Ffestiniog, it is planned to pass 60 
million cubic feet of water from one 
reservoir to the other each day, 
through an average vertical distance 
of 1,000 feet. 


Rotating part of a generator/motor used in a pumped storage scheme. When rotated in 
one direction by the water turbines, electricity is generated. When electricity is used to drive 
it in the reverse direction, it acts as a motor for the pumps. 


An electric current can 
never be stored 


A capacitor stores a static electric 
charge, caused by an accumulation of 
electrons on one of the plates. 


— 


EXCESS OF 


DEFICIT OF 
ELECTRONS 


When a battery is connected to the 
plates of a capacitor, the negative 
terminal of the battery repels electrons 
and causes them to accumulate on one 
plate. The positive terminal of the 
battery attracts electrons away from 
the other plate. The deficit of electrons 


ELECTRONS 
DISCHARGE 


on the positive plate is exactly equal to 
the excess of electrons on the negative 
plate. When a conductor is connected 
across the plates of the capacitor, 
electrons flow from the negative to the 
positive plate through the conductor. 
The electronic charge is thus recon- 
verted into a current. The sizes of 
capacitors needed to store useful 
amounts of electricity would be enor- 
mous. 


When an accumulator is charged, the 
energy of the electric current causes 
chemical changes in the cell, so the 
energy is stored in the form of 
chemical energy. When the accumu- 
lator is discharged, the chemical 
energy is reconverted into electrical 
energy. Accumulators are used to 
store small amounts of energy, but 
cannot be used ona large scale. All the 
lead produced in the world in one year 
would be needed to make the lead 
accumulators needed to store the 
same amount of energy as the Ffes- 
tiniog reservoir. 


SOURCE OF 
ELECTRICITY 
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HE presence of marine fossils in 
rocks that are now thousands of 
feet above sea-level provides sure evi- 
dence of movements of the Earth’s 
crust. Such movements are usually 
extremely slow but they may result in 
increased tension within the rocks. The 
tension may be such that the rocks 
split, forming a fault. The vibrations 
set up by the shearing of the rocks and 
any movement along the fault plane 
are transmitted through the Earth as 
an earthquake. Quakes may also occur 
as a result of movement along an old 
fault plane. Other causes include vol- 
canic explosions, landslides and cave- 
falls, but these are relatively slight and 
local in effect. 

The majority of earthquakes origin- 
ate from fault-movements within the 
upper fifty miles of the crust. The place 
of origin is called the focus and from it 
the vibrations spread out in all direc- 
tions. Their speed depends upon the 
density of the rocks, being greatest in 
solid granites and least in loose sands 
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and gravels. The intensity of the vibra- 
tions falls off as the distance travelled 
increases. Directly above the focus, on 
the surface of the ground is the epi- 
centre. This is the first point to be 
affected, and suffers the greatest dam- 
age. Away from the epicentre the 
vibrations are less intense. Lines join- 


oP 


ing up points of equal intensity are 
called isoseismals and enclose a number 
of isoseismic zones. If the Earth’s crust 
were made up of only one type of rock, 
these zones would be circular, but 
local rock variations destroy the regu- 
larity. 

It is possible to count and measure 
the vibrations of an earthquake by 
using instruments, but a simple scale 
has been devised for estimating inten- 
sity. This is the Mercalli Scale. At the 
lower end of the scale are the very 
feeble quakes that are detected only by 
delicate instruments. At the other end 
is the catastrophic earthquake which 
produces yawning crevices in the 
ground and destroys everything. Be- 
tween these extremes, features such as 
the ringing of bells and the cracking 
of walls are used as guides. Earthquake 
intensity can thus be judged by 
ordinary people with no training, and 
their observations are useful in plotting 
isoseismic zones and determining the 
epicentre of the quake. 

Although quakes can, in theory, 
occur anywhere, there are two main 
belts which, between them, account 
for more than 80% of the disturbances 
of modern times. The Circum-Pacific 
belt, running from Chile, north to 
Alaska and then down through Japan 
to New Guinea is the larger of the two. 
The Mediterranean belt extends from 
Spain and North Africa, through Italy 
and the Middle East, to join the 
Circum-Pacific belt in the East Indies. 
Minor belts occur along the Mid- 
Atlantic and in the Rift Valley of East 
Africa. All these regions are associated 
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with the most recent periods of moun- 
tain-building or other major earth 
movements, and are characterised by 
steep slopes, often under the sea. 
Quakes centred under the sea usually 
produce huge waves that do more 
damage than the quakes themselves. 
Minor tremors experienced in North- 
ern Europe are ascribed to the inter- 
mittent uplift of the rocks which are 
still rising after the melting of the Ice 
Age glaciers. 
Seismographs and Seismic Waves 
The study of earthquakes is called 
seismology (size-mology) and the instru- 
ments used in their detection are 


DOWN-FAULTED 
BLOCK 


Rocks under tension are ltkely to split 
along a fault plane and the separated 
blocks .may move against each other. The 
vibrations thus set up are transmitted as 
earthquakes. 


called seismographs. Recording stations 
all over the world make continuous 
records of earth-tremors. Dozens are 
recorded daily in some regions but 
most of these indicate minor quakes or 
stronger ones deep down in the earth. 


A modified Mercalli Scale for 
determining the strength of 
Earth Tremors. 


1. Imperceptible: detected only by in- 
struments. 
2. Very weak: detected by sensitive 
people at rest. 
3. Weak: loose objects may be dis- 
turbed slightly. 
4. Moderate: rattling of doors and 
windows; some sleepers wake. 
5. Fairly strong: most sleepers wake. 
Noticed out of doors. 
Bells ring. 
6. Strong: furniture overthrown; 
cracking of plaster. 
7. Very strong: some damage to build- 
ings. 
8. Destructive: walls crack, chimneys 
fall. 
9. Very destructive: severe damage; 
some buildings destroyed. 
0. Devastating: foundations, roads, 
pipes, etc. damaged. 
||. Catastrophic: few buildings sur- 
vive; fissures in ground. 
12. Major Catastrophe: complete de- 
struction; crumpling of ground. 


Seismographs can record either 
horizontal or vertical vibrations in the 
earth. In its simplest form the seismo- 
graph consists of a heavy weight sus- 
pended on an arm from a rigid 
support. Horizontal vibrations of the 
Earth are transmitted to the support 
but the inertia of the weight tends to 
keep it still. A rotating drum also 
vibrates with the earth and receives an 
inked trace or a photographic trace 
from the end of the weighted arm. 

The trace produced by a typical 
earthquake (assuming it is not power- 


ful enough to damage the instrument) 
shows three distinct regions. These 
correspond to the three types of wave 
set up by a quake. The first waves to 
reach the observer are the ‘push and 
pull’ waves that travel in the manner of 
sound waves (i.e. they vibrate in the 
direction of travel). After these waves 
come the ‘shake’ waves that vibrate at 
right angles to the direction of travel. 
The ‘shake’ waves are the slower of the 
two and the time that passes between 
the arrival of the two groups deter- 
mines the distance of the focus from 
the observer. The third type of wave is 
the ‘main wave’ which in severe quakes 
can be seen as a ripple passing over the 


a See 

From the focus of a quake, vibrations spread 
out in all directions. The farther they travel, 
the weaker they become and so a number of 
zones are formed. The central ones ex- 
perience more disturbance than the outer 
ones. 


surface. This wave takes the longest 
route, around the outer layer of the 
crust, and arrives at the observatory 
some time after the other waves which 
pass through the Earth. The main 
wave is the one that causes the most 
damage. 


SHADOW ZONE 


When a quake occurs near the North 
Pole there is a circle in the Southern 
Hemisphere that receives only the 
main waves. The faster waves travelling 
through the Earth are not recorded. 
They are deflected and refracted by 
the dense core of the Earth so that they 
miss the so-called ‘shadow-zone’. 
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WHAT IS LIGHT? 


At one time, a ray of light was 

thought to be made up of millions 
of infinitesimally tiny particles, or cor- 
puscles, travelling at enormous speeds. 
This had been deduced from the way 
light was reflected by mirrors. When a 
ray of light strikes the surface of a 
mirror, it ‘bounces’ off it in much the 
same way as a ball bounces off a wall. 
The angle at which it hits the wall (the 
angle of incidence) is exactly equal to 
the angle at which it bounces off again 


from the Sun is carried by corpuscles. 

More modern theories on the nature 
of light suggest that light is indeed a 
collection of tiny particles, which are 
emitted by hot bodies like the Sun. 
But the subtle difference between the 
modern light particle, the photon, and 
the older version, the corpuscle, is that 
the photon does not carry energy — it zs 
energy. 

A photon can be thought of as a 
minute bundle of energy. It is unlike 


Waves, like particles, obey the laws of reflection. The beam of water waves is being 
reflected by the wall. It can be shown that light waves are reflected by mirrors in the same way. 


(the angle of reflection), provided that 
the ball is what is called ‘perfectly 
elastic’. 


Are light rays particles? 


The corpuscular idea is perhaps the 
easiest way of visualizing a beam of 
light. The corpuscles travel in straight 
lines, for they tend to travel between 
two points taking the shortest possible 
route. Very hot objects, like the sun, or 
an electric light filament, would emit 
streams of tiny corpuscles. Other 
objects are seen because they reflect 
some of the corpuscles striking them. 
Human bodies emit no light corpuscles 
of their own, but they are made visible 
when they reflect corpuscles into the 
eyes of the person looking at them. 
According to the corpuscular theory, 
all the light energy reaching the Earth 
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any other kind of particle, for it exists 
only when it is moving. When it is 
travelling at its usual speed of around 
186,000 miles per second, a photon can 
behave very much like an ordinary 
piece of matter. It can collide with 


(i) = incident 
angle 

(r) = reflected 
angle 


When a ‘perfectly elastic’ ball is 
thrown at a wall, the angle at which it 
hits the wall is equal to the angle at 
which it bounces away. 


particles, such as electrons and pro- 
tons, and deflect them just as if it were 
an ordinary particle. In the photo- 
electric light meter used in photo- 
graphy, photons striking a piece of 
light-sensitive metal release electrons 
from the metal. The electrons form an 
electric current, which moves a pointer 
to indicate how strong the light is. It 
has been found that one electron is re- 
leased by one photon. The electrons 
are particles, and they are freed by 
photons, behaving like particles. 

Sir Isaac Newton was a supporter of 
the old corpuscular theory, and _ be- 
cause of his influence, it held sway 
during the 18th century. The modern 
photon theory originated with Albert 
Einstein’s work on the photo-electric 
effect in 1905. His investigations 
showed that electrons had_ been 
knocked away from their parent atoms 
by individual light particles. Light 
was not a continuous stream of energy, 
but instead discontinuous bundles of it. 


Is light a wave? 


Between the old corpuscular theory, 
and the newer photon theory, scien- 


Waves are disturbed by large obstacles, and the disturbance carries on the other side 
(diagram on the left). But when the obstacles are small compared with the size of the 
wave, the waves can pass through them without being disturbed very much (diagram on 
the right). Light waves behave in a similar way. 


IMAGE OF 
AMP 


LIGHT PARTICLES 
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In the same way, light ‘corpuscles’ 
bounce off the surface of a mirror. 
The angle of incidence is equal to the 
angle of reflection. 


tists argued that light was a continuous 
wave-like disturbance. In many ways, 
light waves were like water waves. 
They spread out from a disturbance in 
ever-increasing circles. There were 
successions of crests and troughs, and if 
two sets of waves happened to meet so 
that crest coincided with trough, the 
two waves would fill each other in and 


m CREST . é CREST — 
id 
TROUGH TROUGH 


microscope using ordinary light. 

Both interference and diffraction 
were observed during the 18th and 
1gth centuries. Scientists who saw 
these effects argued quite rightly that 
they could not have been caused by 
corpuscles. They could have been 
caused only by a kind of wave. 

Light rays are wave-like disturb- 
ances travelling at around 186,000 
miles per second through space. They 
are disturbances like waves on water, 
or like sound waves, which are dis- 
turbances of air. Light waves are dis- 
turbances — but disturbances of what ? 
It was thought that space was practic- 
ally empty—there was nothing in 
space to disturb. It was inconceivable 
that disturbances of nothingness could 
be the means of transferring light from 
the Earth to the Sun. So a mysterious 
substance called aether was invented. 
Aether existed everywhere, and light 
was a disturbance of the aether. But 


CREST 
FILLS IN 
TROUGH 


Above: A wave can be annihilated by another wave, if they meet so that the crests of one wave 


coincide with the troughs of the other wave. This is called interference. Right: 


Waves 


spread out from a disturbance in ever-increasing circles. The distance between consecutive 


crests 1s called the wave-length. 


completely disappear. This effect, 
which is called interference, is quite easy 
to produce with water waves, but not 
quite so easy to see in light waves, be- 
cause the waves — vibrations from side 
to side and up and down ~ are very 
small indeed. 

The wave nature of light gives rise 
to other interesting properties. Light 
travels in straight lines, and in fact the 
waves do travel forwards in straight 
lines. But at the same time they 
vibrate from side to side and up and 
down. They can sidle around the 
edges of opaque objects, and so bend 
into the area which ought to be in the 
shadow of the object. This pheno- 
menon is called diffraction. It is very 
important in high-power microscopes, 
for if the object being magnified is 
about the same size as a light wave, 
light can sidle around the object, and 
the magnified image will be very dis- 
torted. The size of the light wave- 
length (about five hundred-thou- 
sandths of a centimetre) limits the size 
of object which can be magnified in a 


aether has never been detected, and is 
never likely to be. For, to transmit light 
waves through it at 186.000 miles per 
second, it must be endowed with re- 
markable properties. One of these is 
that it must be as rigid as steel! 

It is now known that light waves are 
electromagnetic waves. They are very 
rapid variations in electric and mag- 
netic fields, and fields can exist and 
vary in empty space. Aether is not 
necessary at all. 


Light rays are wave-particles 
Light is neither completely a wave, 
nor completely a particle. It is a cross 
between the two-—a_ wave-particle. 
Sometimes light behaves like a wave 
(e.g. in interference and diffraction) 
and sometimes it behaves like a 
particle (e.g. in the photo-electric 


Light behaves like a stream of particles 
in the photo-electric effect, where it is 
found that one light-particle, or photon, 
can release one electron. 


effect). This is a rather complicated 
theory, but it is the only one capable of 
explaining all aspects of light’s be- 
haviour. It is in line with modern 
theories about the nature of all matter, 
which is also thought to have both 


particle and wave properties. The 
bigger the particle, the less noticeable 
become the wave properties. 


The two older theories on the nature of light, (1) the corpuscular theory and (2 


) the wave- 


theory have merged into the modern wave-particle theory (3). Light can Skat either 
like a stream of particles, or like a train of waves. 
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| INORGANIC CHEMISTRY | 


ANALYSIS—NEGATIVE RADICALS 


HEN an analyst sets out to dis- 
cover the composition of an un- 
known inorganic substance, he first 
carries out the preliminary tests des- 
cribed in a previous article. This gives 
him some idea of what he might dis- 
cover. He then begins a systematic 


SAMPLE 
BOILED 
WITH 
SODIU 

CA 
SOLUTION 


Many tests for negative radicals are 
carried out on a solution from which 
the heavy metals like lead and silver 
have been removed by treating the 
sample with sodium carbonate solution. 


CARBONATES OF 
H 


NEGATIVE 
RADICALS 
IN FILTRATE 
AS SODIUM 
SALTS 


series of tests to confirm his preliminary 
findings. 

In the analysis, the sample is first 
put into solution (if it is solid) and the 
tests carried out on the solution. First, 
any acid radicals that have not already 
been detected in the preliminary tests 
are identified. Then the metals are 
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detected by the systematic elimination 
of groups of metals by bringing their 
insoluble salts out of solution. The 
latter tests will be described in another 
article. 

The presence of sulphide, sulphite, 
thiosulphate, nitrite, hypochlorite, 
carbonate and bicarbonate radicals 
should already have been noted from 
the preliminary test with dilute hydro- 
chloric acid. Likewise, the action of 
concentrated sulphuric acid ought to 
have indicated the presence of 
chloride, bromide, iodide, acetate, 
formate, chlorate and nitrate. Sub- 
sequent tests for metals will detect 
some negative radicals which contain 
metals e.g. chromates and permanga- 
nates containing chromium and man- 
ganese respectively. 


Preparing the Solution 


Since the presence of the so-called 
heavy metals like silver in the sample 
could interfere with the tests for 
negative radicals, it is necessary to 
remove any of them, should they be 
present. This is done by boiling a 
finely powdered portion of the sample 
with sodium carbonate solution and 
filtering off any precipitate. The fil- 
trate contains the acid radicals origin- 
ally combined with the heavy metals 
but now they are present as sodium 
salts, while the metals themselves have 
been precipitated as insoluble car- 
bonates or hydroxides and retained on 
the filter paper. A portion of this 
filtrate is used for each test. 

As the filtrate is certain to be 
alkaline (on account of the excess of 
sodium carbonate used in removing 
the heavy metals), it is necessary to add 
acid to neutralize the solution and con- 
vert the carbonate radical into carbon 
dioxide gas. If the solution is not 
acidified sufficiently, the addition of 
reagents like silver nitrate may lead to 
the precipitation of insoluble car- 
bonate. However, great care must be 
exercised in the choice of acid — on no 
account should sulphuric acid be used 
to acidify the solution which is sub- 
sequently to be tested for the sulphate 
radical! The safest way of preventing 


this is to use the acid which contains 
the same acid radical as the testing re- 
agent. If the reagent is a nitrate (e.g. 
silver nitrate) the solution should be 
acidified with nitric acid. 

The need to have all glassware 
scrupulously clean cannot be over em- 
phasised, for traces of other substances 
left behind from previous analyses can 
lead to all manner of false inferences. 
Great care must also be taken to re- 
place the stoppers in the correct re- 
agent bottles immediately they have 
been used. 


Sulphate Radical 


The first portion of the filtrate is 
acidified with dilute hydrochloric acid 
and then barium chloride solution is 
added. Ifa sulphate is present this will 
cause the formation of white, insoluble 
barium sulphate. Since the other salts 
of barium are soluble in hydrochloric 
acid, the appearance of a white pre- 
cipitate in this test proves the presence 
of the sulphate radical. 


Halide Radicals 


Since the chleride, bromide and 
iodide of silver are all insoluble, the 
presence of these halides in the solu- 
tion can be detected through the 
precipitation of the corresponding 
silver halide. This is done by adding 
first an excess of dilute nitric acid and 
then silver nitrate solution. The par- 
ticular halide may be identified by the 
colour of the precipitate, and the effect 
of ammonium hydroxide on it. 

A white curdy precipitate (silver 
chloride) which readily dissolves in 


The presence of a nitrate 1s demonstrated 
by the brown ring test. 


y SOLUTION OF SAMPLE 
AND FERROUS SULPHATE 


BROWN RING 


CONC. SULPHURIC ACID 


ie 


To test for a halide, the solution is acidified with dilute nitric acid, then silver nitrate 
solution is added. A chloride yields a white precipitate of silver chloride (tube 2), a bromide 
a pale yellow precipitate of silver bromide (tube 4), and an iodide a yellow precipitate of 
silver todide (tube 5). Precipitated silver bromide dissolves in ammonium hydroxide solution 


but silver todide does not. 


ammonium hydroxide solution con- 
firms the presence ofa chloride radical. 
Precipitated silver bromide is a pale 
yellow, but as this coloration is some- 
times very slight, the precipitate should 
be compared with a prepared silver 
chloride precipitate. Silver bromide is 
slightly soluble in ammonia. In con- 
trast, precipitated silver iodide, which 
is yellow, is insoluble in ammonium 
hydroxide. 

As the latter test is not conclusive 
proof, the presence of a bromide or 
iodide radical needs to be confirmed. 
This is done by heating a small 
quantity of the original substance with 
manganese dioxide and concentrated 
sulphuric acid. If there is a bromide 
radical in the original substance, 
reddish-brown bromine vapour will be 
seen, while an iodide will give rise to 
violet iodine vapour. 

An indication of phosphate, arsen- 
ate, chromate, antimonate, borate and 
oxalate may be obtained by further 
treating the filtrate obtained by re- 
moving the precipitated silver halide. 


Ammonia is added drop by drop to 
this filtrate until the solution is neutral. 
The colour of any precipitate formed 
in this neutral solution is a guide to the 
presence of one of these radicals. 


Nitrate Radical 

Another portion of the original 
solution is treated in the cold, with a 
slight excess of dilute sulphuric acid. 
The evolution of brown fumes (nitro- 
gen dioxide) indicates the presence ofa 
nitrite, in which case the solution will 
also give a positive reaction to the 
nitrate test. 

Ferrous sulphate solution, which 
must be freshly prepared, is then added 
to the acidified solution containing 
the sample. The tube containing these 
mixed solutions is then tilted and 


If a sample containing a borate radical is treated with concentrated sulphuric acid and then 
methylated spirit is added, the latter burns with a pale green flame. 


concentrated sulphuric acid is care- 
fully poured in so that it forms a 
separate layer about 1 cm. deep at the 
foot of the tube. If the solution contains 
a nitrate, a brown ring will appear at 
the interface between the two liquid 
layers in the test tube. 

The unstable brown compound is 
formed as a result of a three stage re- 


When asalt dissolves in water, some 
or all of its molecules dissociate into 
ions. The ions carry positive or negative 
charges. Silver nitrate, for instance, 
yields positively charged silver ions 
and negatively charged nitrate ions. 
The negative ions or radicals are also 
referred to as acidic ions as it is these 
ions which identify the particular acid. 
All acids yield positively charged 
hydrogen ions in solution, but nega- 
tively charged sulphate ions, for ex- 
ample, are only to be found in solutions 
of sulphuric acid. 


CHLORIDE 
RADICAL 


NITRATE RADICAL 


SULPHATE 
RADICAL 


Negative Radicals 


action. First, nitric acid is generated by 
the action of the concentrated sul- 
phuric acid on the nitrate. The nitric 
acid is reduced to nitric oxide by some 
of the ferrous sulphate. This nitric 
oxide combines with more ferrous sul- 
phate to form the unstable brown 
layer. 


Borate Radical 


This test is carried out on the 
original substance and not on the 
solution from which the heavy metals 
have been removed. The solid is mixed 
with a little concentrated sulphuric 
acid and then stirred into some methy- 
lated spirit in an evaporating dish. 
The dish is then warmed and the 
vapour rising from it is ignited. Ifa 
borate is present, the flame is coloured 
green. This is due to the formation of 
volatile ethyl borate. 
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HEN a vehicle is steered round a 
corner, the steering mechanism 
has to translate a large movement of 
the steering wheel into a compara- 
tively small movement of the front 
wheels on_the road. In addition, the 
inner and outer wheels travel on 
circles of different radius, and so the 
inside wheel must turn through a 
sharper angle than the outer. 

This is achieved by an arrangement 
of levers known as the Ackerman system. 
Each front wheel revolves on a stub 
axle which is connected to the main 
axle by a pivot. Short steering arms are 
connected to each stub axle, inclined 
inwards towards the rear and linked 
together by a bar known as a track-rod 
so that when one wheel is moved, the 


Rack and pinion steering gear. The pinion 
is attached to the steering wheel shaft, and 
the rack to the chassis frame. 


"gether by the acti 
rod. és 


Ud 


TRACK ROD 


other wheel must also move. Because 
the steering arms are inclined, the 
front wheels are turned through the 
correct steering angles. 


The Steering Gear 


In the steering gear or ‘box’ there 
is a form of reduction gearing complete 
with gear-case, together with a steering 
wheel and a shaft surrounded by a 
tubular column. A typical arrange- 
ment uses the cam-and-peg type of 
steering box. A conical peg engages 
with a coarse type of screw (cam). 
When the steering wheel is turned, 
rotation of the cam causes the peg and 
the lever on which it is mounted to 
move. A lever called a drop arm trans- 
fers the motion through a bar known as 


Cam and peg steering gear. Rotation of 
the cam by the steering wheel shaft produces 
movement of the peg. 


CENTRE OF 
TURN 


~The steering lay-out of-a-car. Both. wheels are steered to- 
enna ! pin of the second steering arm on the track 


STEERING ARM 


SECOND STEERING BALE YOM 
ARM 


a drag-link to a steering arm attached 
to the off-side stub axle. The turning 
effect is transmitted to a second steer- 
ing arm which moves the track rod and 
this steers the other wheel. 

Cars fitted with independent front 
suspension often have a rack and pinion 
type of steering box. The rack, usually 
mounted on the chassis frame or body, 
forms part of a divided track-rod. No 
drag link is necessary. A_ pinion, 
attached to the steering wheel shaft, is 
meshed directly with the rack, which 
can thus be moved from side to side 
when the steering wheel is rotated. 
The ends of the rack are connected to 
the steering arms on the stub axles by 
means of short track-rods and ball 
joints. 


All four wheels must be at right angles to 
the radu of the circle when the car ts 
steered. 
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MARS 


F life exists on any of the other 
planets of the Solar System, then 
the most likely home for it is the 
planet Mars. Venus and Mercury, the 
two inner planets, are too hot to 
support life. The outer planets, 
Jupiter, Saturn, Uranus, Neptune and 
Pluto, are all far too cold. Only on 
Mars are conditions even remotely 
similar to those on Earth, and there is 
strong evidence of life on the planet. 
Martian life would probably be very 
different from terrestrial life. Mars 
is a small planet (its diameter is only 
about a half that of the Earth). Because 
it is smaller than the Earth, it exerts a 
smaller gravitational pull on its at- 
mosphere, with the result that nearly 
all its atmospheric gases have long 
since escaped into space. So Mars has 
a very rarified atmosphere, and very 
little oxygen, essential to an Earth- 
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Mars 1s close to the Earth (in opposition) 
only once every two years. 


like form of life. Added to this, Mars 
is an arid planet, with practically no 
water, another substance necessary 
for life. Moreover Martian nights are 
very cold indeed. Mars has almost 
no atmosphere to insulate it and keep 
in the heat received during the 
Martian day. 

All these factors would make life on 
Mars difficult. Also it has not been 
easy to collect evidence of life, for 
Mars is seldom in a favourable viewing 
position. It takes roughly two years 
to orbit the Sun. At its nearest point, 
it is only about 30 million miles away 
from the Earth. At this point Mars and 
Earth are said to be in opposition. But 
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the Earth gets farther and farther 
away from Mars, as it orbits the Sun 
in half the time Mars takes. By the 
time the Earth has completed one 
orbit, Mars has only reached the 
half-way of its orbit. The two planets 
are now at their greatest distance 
apart. Mars, hidden behind the Sun, 
is then practically invisible. 

The Earth completes another orbit 
and, at about the same time, Mars 
completes her first orbit. Mars and the 
Earth are near each other once more, 
two years and two months after their 
last nearest point, or opposition. Only at 
times of opposition can detailed studies 
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of the planet be made. 

Most of the features of Mars’ surface 
remain, like the seas and mountains 
of the Earth, fixed from season to 
season. Dark patches on the surface 
were once mistaken for oceans, but 
this was disproved when it was found 
that Mars was an exceptionally dry 
planet. Most of the rest of the surface 
has a reddish tint. This is thought to be 
arid desert, of dust rather than sand, 
and ice-cold most of the time. 

One prominent feature of Mars 
does, however, change with the 
seasons. Like the Earth, Mars has two 
poles, marked by white polar ice-caps. 


Each year the polar ice-caps melt and re-form. Left: Mars in winter, with a prominent 
North Polar ice-cap. Right: shows how Mars appears three months later. Much of the 


wce-cap has already melted. 
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Maps of Mars can be built up from the results of many observations. The Martian canals 
are shown by close inspection to be very irregular markings. 


But these are thought to be only thinly 
covered with hoar-frost about an inch 
thick. As Mars orbits the Sun, first 
one pole, then the other is nearer the 
Sun, giving rise to four seasons, as on 
the Earth (only each season is twice as 
long on Mars). In the Martian 
summer-time, the frost melts, and it 
is thought that water from the pole 
flows towards the equator. The entire 
ice-cap may disappear. 

The ice-caps are, in fact, the only 
sources of water on Mars. As the 
melted ice reaches some of the darker 
areas of the surface, they seemingly 
change, turning from brown or lilac to 
a greenish colour. They are apparently 
revived by the arrival of the water. For 
this reason, plants are thought to be 
growing on these areas. They may be 
like mosses or lichens, and they must 
be hardy to survive extremes of tem- 
perature on Mars. At noon on Mars’ 
equator, the temperature may reach 
25°C. (77°F) but during the night it 
may drop to — 40°C (— 40°F). 

When the seasons change once 
more, and the polar ice-cap reforms, it 
is thought that the plants, drained of 
their moisture, die down and remain 
dormant until they are revived by the 
next arrival of polar water. 


INFRA-RED 


a 


P LIGHT 
P REFLECTED. 


Vegetation on Earth is known to absorb 
some infra-red light. So this light is missing 
in the light reflected by the plants. Absorp- 
tion of infra-red has been detected in light 
reflected by the greenish areas of Mars. 
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There are other pointers which 
suggest that the dark greenish areas 
are caused by a plant-like kind of life. 
Plants on Earth absorb a certain wave- 
length of light in the infra-red part of 
the spectrum, and this wavelength is 
therefore absent in the light reflected 
by the plants. By examining the light 
received from Mars (this is light, 
coming originally from the Sun, which 
is reflected by the planet) astronomers 
have been able to detect a similar 
absorption of infra-red light of prac- 
tically the same wave-length. This 
particular wavelength is lacking in 
the light reflected by Mars. It has 
been absorbed by the dark greenish 
areas. 

Another piece of evidence has been 
gleaned from examining the ultra- 
violet light reflected by Mars. Al- 
though Mars’ atmosphere is very scant 
(even at the surface, the atmosphere 
is thinner than the atmosphere at the 
top of Mount Everest), it does provide 
some protection against harmful ultra- 
violet light coming from the Sun. The 
atmosphere absorbs much of the 
ultra-violet light, and prevents it 
from reaching the surface. But some- 
times the atmosphere is disrupted, 
and the ultra-violet light gets through. 


Vegetation can be killed by exposing it to 
ultra-violet radiation. The atmosphere stops 
most of the ultra-violet. When Mars’ 
atmosphere 1s disrupted, the ultra-violet gets 
through, and the greenish areas turn to 
brown. 


Occurrences of this kind can be 
detected by examining the _ ultra- 
violet light reflected by Mars. If the 
Season is suitable, and the ultra- 
violet absorbing atmosphere is there, 
then the dark areas spread. The 
plants are flourishing. When the at- 
mosphere is disrupted, the dark areas 
lighten again, and contract. The 
interpretation of this is that the plants 
have been killed by bombardment 
with ultra-violet light. 

Leading out from the dark patches 
of ‘vegetation’ are thin dark ‘lines’, 
appearing to criss-cross the surface. 
Earlier astronomers imagined in the 
dark ‘lines’ far more regularity than 


Photographs of Mars taken in blue light 
show up the atmosphere, while photographs 
taken in red light show the surface. 


thev could actually see. They con- 
sidered that the lines, or canals, could 
have been produced only by an intel- 
ligent population. The canals had 
been built to take water from the 
polar regions to irrigate the dry 
regions near the Equator. The amount 
of water on Mars is, however, only 
enough to fill one river, and scarcely 
enough to supply a complicated net- 
work of canals. With more powerful 
telescopes, it can be seen that the 
‘canals’ are not regular at all. They 
may be borders between areas of 
slightly different brightness, or specks 
of volcanic dust which stand out 
clearly against the red of the desert. 

Mars has been examined in fair 
detail from the Earth. The next step is 
the making of observations on Mars 
itself, landing sampling rockets on the 
Martian surface, to probe it. The 
instruments carried by the rocket 
would be able to analyse the ‘vegeta- 
tion’, and transmit information about 
it back to interpreters on Earth. 


BIOLOGY 


T is almost certain that the mam- 
mals evolved from a group of 
reptiles more than two hundred mil- 
lion years ago. The evidence for this 
belief is largely obtained from fossils, 
but it is supported by certain ‘living 
fossils’ — animals which survive to this 
day yet retain certain primitive fea- 
tures. These are the egg-laying mam- 
mals or monotremes of Australasia — the 
Echidnas or Spiny ant-eaters and the 
Duck-billed platypus. 
Their affinities with the reptiles are 
especially obvious through similarities 


The female Platypus builds a nest of damp 
leaves and grasses in which she usually lays 
two eggs. 


in the bones of the skull, the backbone, 
and the limbs and limb girdles. The 
gut, reproductive and excretory sys- 
tems open into a common chamber, 
the cloaca, and, perhaps the most 
striking characteristic of all, they lay 
large, yolky eggs that have shells. The 
young escape from the eggs by means 
of a special egg-tooth and another 
structure, the caruncle, at the end of 
the bill. They are suckled by the 
female, however, and feed on milk 
produced by specialised sweat glands 
on the abdomen. These open as slits; 
the ducts do not form nipples as in 
other mammals. 

The Platypus builds an elaborate 
system of narrow underground tunnels 


Though its egg-laying habits are primitive, 
the Duck-billed Platypus (Ornithorhyn- 
chus) is highly adapted for spending much 
of its time in water. 


for nesting. These are up to a foot 
below the surface and may be twenty 
yards long. The main tunnel leading 
to the nesting chamber winds about 
and it has barriers of soft earth placed 
along it at regular intervals by the 
female. She does this with her flattened 
tail, which is also a useful swimming 


» organ. The female builds the nest 
g itself of damp leaves and grasses. 


Platypuses pair in the water, the 


Atime of the year during which it occurs 


varying from one part of Australia to 
another (between July and August). 

The right ovary does not function, 
as in birds. The eggs, dirty white in 
colour and usually two in number, are 
laid about a fortnight after pairing. 
They are just under an inch in 
diameter. The female incubates the 
eggs by holding them on her abdomen. 

Young platypuses are born naked 
and blind. They stay in the nest for 


four or five months while they are 
nourished on milk produced by the 
mother. They are not fed for the first 
week after they hatch. The milk is 
yellow in colour and is very rich and 
creamy. Since the milk glands have no 
nipples, the female lies on her back 
and allows the milk to trickle out onto 
her abdomen over two patches of 
tissue. 

The female Echidna grows a pouch 
during the breeding season. She lays 
only one egg and, with her beak-like 
muzzle places it in the pouch to 
incubate it. The youngster hatches in 
the pouch and feeds there on milk. 
After a period of weaning, the young 
are left to fend for themselves. 

Parental care amongst monotremes 
has reached a higher level than that 
found in reptiles, therefore. The eggs 
are incubated, and the young are fed 
and cared for after they have hatched. 


Apart from the Platypus, the Australian Echidna (Tachyglossus) and the long-beaked 
Echidna (Zaglossus) (right) are the only mammals that lay eggs. 


PHOSPHORS are man-made sub- 

stances which share with fire- 
flies, glow-worms and various marine 
animals the ability to give off ‘cold’ 
light. 

Phosphors are a comparatively 
recent discovery and were first used 
extensively in fluorescent lamps about 
20 years ago. Nowadays their largest 
application is in strip lighting, tele- 
vision tubes, and in X-ray screens and 
instruments for research in atomic 
physics. They are mainly inorganic 
solids, often in powder form. 

The commonest phosphor is zinc 
sulphide, which forms the main in- 
gredient of the coatings inside tele- 
vision tubes. When struck by electrons, 
which are accelerated across the tube 
from the cathode, the coating lights 
up but does not become very hot. 
This is a typical example of a phosphor 
in action. 

Phosphors are really semiconductors. 
These are solids, more often than not, 
which just conduct electricity. Semi- 
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conductors do not conduct electricity 
as easily as metals such as copper, but 
they are better conductors than are 
insulators, such as rubber. They come 
somewhere in between. 

Like the semiconductors used in 
transistors, phosphors depend for their 
action on the presence of impurities in 
them. These impurities are not only 
the secret of phosphors’ light-giving 
action; they also to a large extent 
control the colour of the light emitted. 
For instance, the mineral willemite, 
(anhydrous zinc silicate Zn,SiO,), has 
manganese as an impurity. It is this 
which is responsible for the green light 
given off. 

Phosphors are prepared by heat 
treatment. The ingredients are mixed 


together with the small but necessary © 


impurity, and fired in a furnace. All 
other impurities are rigorously ex- 
cluded. The firing makes the phosphor 
crystalline and puts the impurity 
firmly into the crystal structure. The 
result is a dry powder, the phosphor, 


| 


The inside of the face of a television tube is 
coated with a phosphor. A carefully 
measured quantity of phosphor powder sus- 
pension is introduced into each tube before 
processing. 


which, in the case of zinc sulphide, 
looks like cake flour. 


How are Phosphors excited? 


There are several ways of exciting 
phosphors so that they emit light. In 
all of them the phosphor receives 
energy in one form or other, and 
emits energy in the form of light of the 
required wave-length. 

For example, ultra-violet light is a | 
similar form of energy to visible light 
(both are electromagnetic waves), but 
the wave-lengths of ultra-violet light 
are shorter than those of visible light. 
It also has more energy because the 
shorter the wave-length of light, the 
greater its energy. When ultra-violet 
light falls on a phosphor, the high 
energy ultra-violet light is absorbed, 
and visible light of lower energy emit- 
ted. The difference between the energy 
absorbed and the energy emitted 1s 
wasted in heating up the phosphor, 
but the effect is to make visible light 
which otherwise could not be seen. 

This may be explained in terms of 
electron jumps. We can think of 
electrons moving around the nucleus 
of an atom in definite orbits, each 
orbit representing a definite energy 
level. In a solid, the atoms are close 
together, and the energy levels of 
individual atoms combine to form 
energy bands. When ultra-violet light 
is received by the solid, some of the 
energy is used in making electrons 
move from a low energy band to a 
higher energy band and the rest is 


Phosphors have to be fired before use. A test 
sample is being fired in a 1400°C furnace. 


used in heating up the phosphor. An 
electron does not stay in the higher 
band very long, and it returns to its 
original band, giving out a burst of 
energy in the form of visible light. 

Different phosphors give off light 
of different colours. This is because 
the electrons fall back through a 
definite ‘distance’ in a_ particular 
phosphor. This ‘distance’ determines 
the wave-length of the light emitted. 
In practice, phosphors are mixed in 
fluorescent lamps, to produce a 
material which gives off a mixture of 
colours similar to daylight. 

In a television tube, the energy is 
carried to the phosphor by fast moving 
electrons accelerated from the cath- 
ode. Once again, some of the energy is 
consumed in heating up the phosphor, 
but a major portion is used in exciting 
electrons to higher energy levels, so 
that visible light is emitted when they 
fall back to their normal energy levels. 

A third effect occurring in a solid 
phosphor is known as _ electrolumines- 
cence. The phosphor material is in the 
form of a thin sandwich about a 
quarter of an inch thick. One side is 
glass specially treated to make it 
conduct electricity. On the other side 
is a thin aluminium foil. An alternat- 
ing voltage is applied to the plates on 
either side of the phosphor. An alter- 
nating current, consisting of electrons 
flowing first one way then the other, 
flows in the phosphor. 

As the free electrons flow, they kick 
the electrons in the phosphor to a 
higher level. In between these kicks 
the phosphor ‘relaxes’, and its elect- 
rons drop back into lower levels, thus 
releasing light. In this instance, the 
energy of the electrons in the alternat- 
ing current is turned into light. The 
colour of the light given off depends 
partly on the type of phosphor and 


partly on the frequency of the power 
source. That is why the colour of light 
given off can be changed by varying 
the frequency. 

Uses of Phosphors 

Phosphors find their biggest appli- 
cation in lighting and television. The 
newer phosphors in fluorescent strip 
lights have small additions of anti- 
mony and manganese in them. They 
produce a warm white light which 
does not fall off in brightness with use. 
Such phosphors have the advantage 
of being highly efficient. 

Apart from their use in radar 
screens, and cathode ray tubes, special 
phosphors have been developed for 
colour television tubes. The need here 
is for three different phosphors which 
emit red, green, and blue colours 
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| Different phosphors emit light of a 
_ particular colour when stimulated by 
_ radiation. A range of colours is pro- 

duced when a range of phosphors 
_ receives light from a mercury dis- 
charge. 


when stimulated by an electron beam. 
Any colour may be created by blend- 
ing these three colours. 

Different phosphors keep glowing 
for different times after the light or 
electron beam is switched off. For 
X-ray screens, phosphors with a short 
after-glow are required to prevent 
blurring of the image to be photo- 
graphed in a medical diagnosis. A 
suitable phosphor is calcium tungs- 
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(Left) An electron is shifted from an 
inner orbit to an outer orbit when it is 
‘excited’ by a light ray. 

(Right) Almost immediately, it returns 
to its original orbit giving out light 
which is of longer wave length than the 
original ray. 
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(Above) The energies of electrons in 
atoms may be represented onan 
energy diagram. The differences in 
energy of electrons in different orbits 
is then the distance between the lines 
on the diagram. Ina solid, when a great 
number of atoms are brought together 
the energy lines thicken into bands. 
When energy is absorbed by the solid, 
an electron may pass from, say, band 
(2) to band (3). When the electron 
returns to band 2, light is emitted. 


tate, which gives a deep blue light for a 
very short time. 

For ‘solid’ lighting, panels are made 
of zinc sulphide enriched with copper. 
The panels can light a room, or act as 
a night-light, or an electric light 
switch can be constantly aglow so that 
it can be easily found in the dark. 
Instrument panels in a pilot’s aircraft 
cabin are made out of such phosphor 
panels. 

Phosphors form the coatings of 
scintillation counters for measuring 
radioactivity from isotopes. 


The colour and light output of phosphors is 
tested by examination under ultra-violet 


light of different wavelgipaddes 
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OYSTER FARMING 


"THE sea is a vast locker, rich in 

food materials, enough to satisfy 
the world’s underfed many times over. 
Yet its resources are almost untapped. 
It has not been farmed in the same 
way as the land, mainly because the 
problems of aquiculture are far greater 
than those of agriculture. The farmer 
does not have to cope with tides, 
pounding waves or an environment 
foreign to his natural one. If his cattle 
stray he can round them up on horse- 
back, and his wheat stays put in the 
field where he sows it. 

In the sea the easiest ‘crops’ to 
culture are those that do not move of 
their own accord, and which also live 
inshore in shallow water. Oysters live 
in coastal water and, except for a 
short phase when they are larvae, are 
unable to move. It is not surprising, 
therefore, that they have been culti- 
vated at least since Roman times. 
Moreover, they are a prized delicacy 
and their market value is high. 

Two species of oyster are farmed in 
Britain. They are the European flat 


(upper left) The European flat oyster (Ostrea edulis) and (upper right) the 


mantle, a thin layer of tissue, that 
forms new shell, and which surrounds 
the body of the oyster — gut, heart, 
gills etc. The gills are living trellis- 
works covered in tiny cilia. These 
beat rhythmically — drawing a cur- 
rent of water over the gills. The water 
contains oxygen and minute living 
particles — the microscopic plants and 
plant-animals on which the oyster 
feeds. The food particles are trapped 
in mucus (slime) covering the gills and 
carried to the mouth by the beat of the 
cilia. An oyster about three inches in 
diameter can ‘suck’ more than two 
gallons of water per hour over its gills. 
The type of food, and its availability, 
markedly affect the growth of the 
oysters and their quality. 

Ostrea edulis is able to reproduce in 
its second year. A minimum water 
temperature of 60°F (16°C) is neces- 
sary (15°C in Cornwall), and spawn- 
ing therefore takes place in the summer 
months, from mid-June to mid-July 
depending on the locality. The male 
cells are discharged into the water and 
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oyster (Gryphaea angulata). (bottom row) three pests of oysters, from left to right, the 
American Oyster drill attacking an oyster, a starfish, and Slipper limpets which compete with 


the oysters for space and food. 

oyster, Ostrea edulis, which is native to 
this country, and the Portuguese 
oyster, Gryphaea angulata. Oysters have 
a chalky shell of two parts, that are 
hinged together by an elastic ligament 
along one side. Lining the shell is the 
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carried into the mantle cavity of 
another oyster where the eggs are 
fertilized. (The eggs of Gryphaea angul- 
ata are discharged into the water). The 
eggs of a female flat oyster are white 
and when they are discharged into the 


Egg-box collectors for oyster spat set up on 
the shore at low water of spring tides in the 
River Roach. 


mantle cavity they appear milky — the 
oyster is said to be ‘white sick’. After 
the eggs have developed for just over a 
week the oyster appears to be filled 
with black ‘sooty’ water due to the 
pigmented gut that each larva has. 
The parent oyster is said to be ‘black 
sick’. It is an indication that the young 
are ready to be discharged into the 
water. As many as five million may be 
released from a single adult, but the 
chances are that less than one per cent 
will survive. Though they are shelled 
and free-swimming, their life in the 
surface layer as part of the plankton is 
one fraught with danger. The tem- 
perature must be 65°F (18°C) or 
above (this applies particularly to 
East Coast oysters). In Cornwall they 
will develop at temperatures of 16°C. 
Also tides, food supply and salinity 
may all be unfavourable. Many other 
animals (e.g. young fishes, jelly-fish) 
are plankton feeders and large num- 
bers of oyster larvae are consumed. If 
conditions are favourable, however, 
they may cease their free-swimming 
existence and move to the bottom after 
as little as a week. Here they attach 
themselves to a suitable object (e.g. 
shell fragments) and are known as 
spat. At this stage they are only 4; inch 
in diameter. The number that attach 
themselves depends very much on the 
area of shell surfaces available on the 


Dredge frames shown suspended in the back- 
ground, are used to collect oysters and cultch. 
Elm boards (sheards) are employed to lift 
the dredged material. 


bottom. An important part of the 
oyster fisherman’s art is to provide 
clean shell surfaces by harrowing the 
oyster grounds or depositing fresh shell 
fragments. Oysters take about five 
years to reach market size. This 
means that oyster farming, unlike crop 
farming on land, is a long term busi- 
ness. During this time many factors 
may contribute to their death. Gales 
may so disturb the bottom that the 
oysters are completcly buried. They 
are then unable to breathe or feed. 
Floods may cause similar havoc, and 
severe winters, during which the sea 
freezes, also lead to their destruction. 
Oysters have many enemies including 
other shellfish which compete with 
them for space and molluscs that eat 
them, such as the American whelk 
tingle. 

Broadly speaking, oyster fisheries 
are of two kinds, breeding and relaying 
fisheries. In the first type, oysters 
are laid down to breed and the ‘spat’ 
and ‘brood’, as the young are later 
called, are collected. With relaying 
fisheries the spat are not collected. 
Oysters are relaid for one or more 
seasons for growth and fattening. The 
Portuguese oyster is used in this way, 
since its breeding is limited. The 
Edible oyster is more adaptable and 
used therefore for relaying and breed- 
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Slipper Limpets are crushed in this machine 
and the broken shells are then cast over- 
board to provide clean shell surfaces. 


Relaying fisheries require a part 
of the sea bed on which oysters can 
remain safely for one to two years, 
below low-tide mark or low down on 
the shore between low water of ordin- 
ary and spring tides. ‘The most suitable 
bottoms are of firm mud, sandy mud, 
shell with some sand or mud, or gravel 
and mud. Bottoms that are too soft 
can be made suitable by adding gravel 
or shells. Suitable bottoms on open 
coasts can be used when oysters are 
only relaid for growth and fattening. 
They must be sheltered, however, to 
prevent the disturbance of the bottom 
deposits and of the oyster during 
gales. Closely set wooden posts are 
often used to break up wave action. 

Oysters generally grow and fatten 
more quickly in areas where rivers 
enter the sea. This is probably due to 
the relatively high content of salts 
washed down from the land which 
provide the necessary nutrients for a 
much more prolific growth of the tiny 
food plants than occurs in open waters. 
The silt carried by rivers also pro- 
vides suitable bottom deposits for 
oysters. 

The lower reaches of estuaries are 
often ideal for oyster culture, pro- 
viding water that is sufficiently salty. 
Portuguese oysters seem to thrive on 
the shore even, but Native oysters 
should be laid below the low water 
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mark of ordinary spring tides. 

The conditions needed for breeding 
fisheries are more restricted. Similar 
bottom deposits can be used but, to 
avoid dispersal of the free-swimming 
larvae by tidal action, sheltered bays 
and inlets and similar situations are 
required. Suitable confined inshore 
areas used for oyster breeding occur 
in Britain in Essex and Kent, and 
along the south coast in Dorset, Devon 
and Cornwall. Oyster fisheries are 
still carried on at Galway and in the 
River Shannon. Pollution, especially 
from sewage, has contributed to the 
decline in oyster farming. 

Oysters may be laid on the shore at 
a density of a hundred per square 
yard in favourable conditions between 
low-water marks of ordinary and 
spring tides. They can be collected by 
hand only on three or four days at the 
time of spring tides and are stored in 
pits on the upper shore reached by 
high tide. These shore-farmed oysters 
are very susceptible to severe winters, 
however, and losses may then be con- 
siderable. Unglazed earthenware tiles 
laid on the shore are used extensively 
as collectors for spat in France. They 
must first be coated with a sand, lime 
and mud mixture which can be easily 
flaked off along with the settled spat 
after exposure. 

More elaborate equipment is re- 
quired for oyster beds that remain 
covered, even at low tide. The oysters 
are collected by dredges from boats. 
The dredge is carefully controlled so 
that only oysters, shells etc. are skim- 
med off. If too much warp is paid out 
then the dredge digs into the bottom 
and quickly fills up with mud. The 
dredged oysters are separated on deck 
from shells etc., by hand. Unwanted 
material is then returned to the beds. 

Grounds for breed oysters are pre- 
pared by dragging chain harrows or 
similar devices over the bottom. So 
that a large proportion of those on a 
bed mature at about the same time 
only those of similar size are laid 
together. Relaying usually starts in 
April. 

Oysters relaid fattening are 
planted on ground cleaned of com- 


INDUSTRIAL CHEMISTRY 


HEN iron comes from the blast 
furnace, where it has been 


extracted from its ore, it is a relatively 
useless material, for although it is 
strong, it is also very brittle and tends 
to break and crack when placed under 
strain. This iron is known as cast iron or 
pig tron because of the pig-shaped slabs 
in which it used to be cast. While 
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regulated. Steels contain from 0°05 
to 1°5°% of carbon depending on the 
type of steel. Other metals are often 
added to make special types of steel. 
For example, nickel and cobalt are 
added to make stainless steel. Small 
quantities of tungsten can be added 
to give increased strength. 

Although steel has been in use since 


away as gases. He patented his Bes- 
semer converter for doing this on a 
large scale. Although it is now largely 
replaced by the open hearth process and 
other modern methods of steelmaking, 
considerable quantities of steel are 
still made in Bessemer converters. 
The Bessemer Process 

Molten pig iron from the blast 
furnace is poured into the egg-shaped 
vessel and cold air blown in at the 
bottom roars its way up through the 
molten iron. At first there is nothing 


(left). A Bessemer converter spouting flame as the impurities in its charge of molten iron are oxidized. Cold air is blown in at the bottom of 
converter. (centre). Emptying an open hearth furnace. The slag collecting above the molten iron spills over into a second ladle. (right). Diagram 
of an open hearth furnace. Gas and air pass through heating chambers and burn above the molten tron in the hearth, heating it and oxidizing 
its impurities. On their way out, the hot spent gases pass their heat to two more heating chambers. After a while the flow is reversed. 


it is in the blast furnace, pig iron 
takes from 2 to 5°% of carbon into its 
structure. The carbon is taken up from 
the coke used in extracting the iron 
from its ore and is mainly responsible 
for its brittleness and rigidity. If all 
the carbon is removed, the effect is 
just as bad. The iron loses its brittle- 
ness and becomes very pliable, it also 
loses its strength and bends far too 
easily for most purposes. 

To get the springiness of steel to- 
gether with its great strength, the 
carbon content must be very carefully 
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the Middle Ages, large scale produc- 
tion has only come into being over the 
last century. Before then it was a very 
expensive commodity tediously made 
in small quantities by hammering 
molten iron to squeeze out the slag. 
The slag took the carbon with it. A 
little carbon was put back by heating 
the iron with wood. 

Then in 1855 Henry Bessemer in 
England found that if a blast of 
cold air was blown through molten 
iron, the carbon and other impuri- 
ties were rapidly oxidized and blown 


much to see, but after a few minutes 
flames begin to spout from the mouth 
of the converter. The sheet of flame 
grows brighter and brighter, often 
jumping about 40—50 feet in the air in 
a fantastic firework display. This 
Bessemer blow is one of the most 
spectacular sights of heavy industry. 
Within the iron, silicon, manganese 
and carbon are being oxidized giving 
out great heat. Carbon monoxide gas 
rising through the molten iron makes 
it look as though it is boiling. After 
about 20 minutes the flame drops. 


Now no carbon is left. Air is blown 
through for 2 or 3 more minutes to 
burn out the phosphorus, during 
which time brown clouds of its oxides 
come off. The air supply is stopped and 
samples are taken to make sure the 
oxidation is complete. 

As all the carbon has been removed, 
some must be put back. A calculated 
quantity or an alloy of manganese, 
iron and carbon is added. The man- 
ganese reacts with any iron that has 
been oxidized by the air blast and 


floats up to the surface as a slag. The 
iron has now become steel. Before 
this it was turbulent and bubbling, 
but after, it is quite calm. Because of 
this change, the final addition of alloy 
is known as killing. The hot steel is 
poured out into a ladle. 
Open Hearth Process 

Although it has the advantage of 
speed, the huge quantities of scrap 
steel available cannot be used by the 
Bessemer converter, but they can in 
the open hearth process. With this 
process it is also possible to control 
the quality of the steel more ac- 
curately. Consequently despite the 
much longer time involved, most steel 
is now made in open hearths. 


Molten pig iron from the blast furnace being 
poured into an open hearth furnace. 


HOT CHAMBERS WHERE 
GAS AND AIR ARE PRE-HEATED 


The Bessemer converter is a great 
waster of heat. When the flames leap 
from it, enormous quantities of heat 
are lost. The Siemens brothers realized 
that if this heat was properly utilized, 
the converter could be run at a much 
higher temperature, a temperature 
high enough in fact to melt cold scrap 
steel fed into the molten iron. The 
brothers designed the open hearth to 
do just this. 

The open hearth furnace consists of 
a shallow steel bath lined with re- 
fractory bricks. At the back is a tap 
hole for emptying it. 

Four heat storing chambers (two on 
either side) are connected to the fur- 
nace. These are filled with a chequered 


pattern of firebricks designed to retain 
the heat. 

Limestone is fed into the empty 
furnace followed immediately by scrap 
steel. The hot flame of producer gas 
or oil burning in a stream of hot air 
is directed down on to the surface to 
heat and partially melt the scrap steel. 
After they have wafted over the sur- 
face the hot gases pass on to heat up 
the two brick chambers on the far side. 
Last of all, ladles of gurgling molten 
iron are poured in. The flames con- 


WHEN THEY 
ARE HOT 
ENOUGH 
THE GAS 
FLOW IS 
REVERSED 


HOT SPENT TO CHIMNEY 
GASES GIVE UP —=> 

THEIR HEAT " 
TO THESE TWO 


CHAMBERS 


tinue to heat the mixture. The lime- 
stone decomposes, giving off carbon 
dioxide which bubbles up to the sur- 
face of the writhing mass. When all is 
melted, the impurities are removed by 
the addition of oxidizing agents such 
as iron ore. In some cases oxygen is 
injected into the furnace to assist this 
oxidation. 

Just as with the Bessemer converter, 
heat is given out as impurities are 
oxidized. ‘Lhe heat is used to heat 
up one pair of heating chambers. 
Then when these two chambers are 
sufficiently hot, the flow is reversed. 
The hot chambers heat the gas and air 
supplies while the other two chambers 
are being heated up by the waste gases 
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A steel ingot being removed from a soaking 
pit where it has been reheated for some 
hours to bring it to an even temperature 
throughout. After soaking the steel is ready 
Sor working into shape. : 


An ingot undergoing treatment in a rolling 
mill. 


in readiness for heating the fuel and 
air when the flow is reversed again. 

During this final refining, the vari- 
ous additional substances are added 
and the contents are sampled from 
time to time. The whole process takes 
between 8 and 20 hours after which 
the furnace is tapped and the glowing 
metal flows out into a brick lined ladle. 
The slag floating on the top overflows 
into another ladle. 

In the last decade, there have been 
many technological changes in steel 
making. One of these has been the in- 
jection of large quantities of oxygen 
through the mouth of vessels similar to 
the Bessemer. This permits a higher 
rate of production, and in other new 
processes the steelmaking vessel is 
rotated to assist oxidation of the im- 
purities and again accelerate output. 

Neither the Bessemer nor the open 
hearth methods are satisfactory for 
producing special steels of high 
quality. These are steels in which the 
iron is alloyed with carefully regulated 
amounts of other metals. Stainless 
steels, magnet steels and tool steels 
which can be given sharp cutting 
edges are all made by electrical 
methods instead. 

Using electricity for heating cuts 
out the oxidation by air and also the 
need for strong deoxidizers. The pro- 
cess can therefore be more accurately 
controlled and, if necessary, strongly 
reducing conditions can be main- 
tained. 

There are two ways in which a fur- 
nace can be heated electrically — either 
by an electric arc or by induction. The 
electric arc is used for refining steel and 
the lesser-used induction process, for 
melting down specially selected scrap 
steel of the correct composition for 
making into articles such as_ ball 
bearings. 

The arc furnace is a cylindrical bath 
made to hold from 10 to 30 tons of 
steel. It is first charged with lime to 
form an oxidizing slag which gathers 
up impurities. Specially selected scrap 
of known composition follows. Three 
carbon electrodes fitted in the furnace 
roof are lowered to make contact with 
the metal surface. Special transformers 
supply them with power. The scrap 
steel completes the circuit and the cur- 
rent flows. Immediately, the electrodes 


are raised so that they just lose contact 
with the steel. The current is then for- 
ced to jump the gap, and an electric 
arc is drawn between the electrodes 
and the steel, generating great heat. It 
takes over an hour for the charge to 
melt and the impurities to enter the 
slag. The carbon content remains al- 
most correct and unaltered. The oxi- 
dizing slag is replaced by a reducing 
slag to remove any sulphur and oxy- 
gen. Then carefully regulated quanti- 
ties of alloys are added and a sample of 
steel is analysed to make sure that the 
composition is exactly right. 

The induction furnace deals with much 
smaller quantities of scrap. Here there 
is no direct electrical contact with the 
steel. An alternating current passes 
through a coil round the outside of the 
furnace, inducing eddy currents to 
flow inside the scrap. Heat is created. 
The currents also stir the mixture, 
making it uniform throughout. The 
greater the frequency with which the 
current changes direction the greater 
the heat produced in the steel. Con- 
sequently, current of high frequency is 
used. 

Ladles of steel from furnaces of all 
types empty their liquid contents into 
huge iron moulds. The molten steel 
gradually cools down and solidifies to 
form an ingot. The cooling is uneven. 
The outside cools more rapidly than 
the inside. Also, flaws and hollows can 
develop inside the ingot due to shrink- 
age. Placing a neck of firebrick round 
the top of the ingot concentrates the 
cavities to the upper part. The flaw 
ridden section can later be sawn off 
and returned to the furnace for re- 
melting with another batch of steel. 

When the red-hot ingots are strip- 
ped of their moulds, because they are 
unevenly heated they are not in a fit 
state to be worked. Huge tongs trans- 
port them to soaking pits, brick lined 
furnaces where they stay for hours until 
they are finally brought to an even 
temperature. Mammoth rollers then 
squeeze the steel to give it a suitable 
shape for further working. The rolling 
also strengthens the steel. Afterwards 
the final shape is given to the steel in 
one of three ways, hammering, rolling 
or pressing according to the type of 
steel and the shape of the article being 
made from it. 


HYDROSTATICS 


BOYLE’S LAW 


F an empty jam jar is inverted and 
carefully lowered into water, the 

air trapped inside keeps it afloat. Some 
water rises up inside the jar, but the 
water level in the jar is below that out- 
side. As the jar was originally full ofair, 
lowering it into water produces a re- 
duction in the volume of the air. At the 
same time the pressure of this trapped 
air has been increased. This can be 
seen by comparing water levels inside 
and outside the jar— the pressure of 
the atmosphere on the water outside 


‘ The difference in 

the water levels in- 
side and outside 
the jar indicates 
that the pressure 
of the trapped air 
has been increased. 
At the same time 
its volume has been 
reducéd. 


the jar is less than the pressure exerted 
on the water inside. 

These observations show that the 
volume of the trapped gas is reduced 
by increasing its pressure. Other ex- 
periments in which the gas pressure is 
reduced below that of the atmosphere, 
result in the volume of the gas be- 
coming larger. But this information 
does not show mathematically the way in 
which the volume of a gas varies as a 
result of changing its pressure. 

However, some three hundred years 
ago, in 1662 to be precise, Robert 
Boyle investigated the behaviour of a 
fixed amount of gas under various 
pressures. He succeeded in finding a 
simple relationship between the pres- 
sure and volume of the gas. This was 
one of the first physical processes to be 
successfully examined quantitatively, 
and it is known as Boyle’s Law. 

It is quite easy to demonstrate this 
law with apparatus similar to that used 
by Boyle himself. A piece of glass tub- 
ing is bent into the shape of a letter ‘J’, 
and the shorter limb sealed. The long 
limb should be‘about 100 cm in length, 
while the short limb need only measure 
30 cm. 

By running a small quantity of the 
liquid metal mercury into this J-tube, 


some air is trapped in the shorter limb. 
Provided good quality tubing is used, it 
may be assumed that the cross-section 
area of the tube is constant, so that the 
volume of air trapped in the short limb 
will be proportional to the length of the 
air column. 

The pressure of the trapped air may 
be found by measuring the difference 
in the mercury levels in the open and 
closed limbs.of the J-tube. This read- 
ing, however, is only a measure of the 
pressure of the trapped air above the 
pressure of the atmosphere. The total 
pressure may be calculated by adding 
the height of the mercury barometer 
to each of the difference readings. 

Once the apparatus has been set up, 
the pressure of the trapped gas is in- 
creased in stages by pouring small 
quantities of mercury into the open 
limb of the J-tube. Once the mercury 
levels are steady, the length of the air 
column (volume) and the difference in 
the mercury levels (excess pressure) 
are measured and noted. The pressure 
of the atmosphere is also recorded. 

These readings are then entered ina 
table with columns headed — Excess 
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Pressure, Total Pressure (P), Volume (V) 
and P x V. The ‘total pressure’ and 
then the ‘P x V’ columns are com- 
pleted, and provided the experiment 
has been done carefully, it is found that 
the figures in the ‘P x V’ column are 
almost the same, so that the product of 
the total pressure and the volume of a 
gas is constant. 

This is another way of stating 
Boyle’s law — ‘the pressure and volume 
of a fixed mass of gas are inversely pro- 
portional, provided that the temperature 
of the gas remains unchanged’. This may 
be expressed mathematically :— 


: : ' 
P is proportional to —- 
or P xX Vis constant 


Boyle’s law is followed quite closely 
over a wide range of pressures by the 
so-called permanent gases like oxygen, 
nitrogen and hydrogen. (These gases 
can only be liquefied with difficulty). 
This is not so true of gases which are 
quite easily liquefied (e.g. ammonia). 
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TECHNOLOGY | 


CLEANING GLASSWARE 


INNER plates are difficult to 
clean if the washing up has been 
left for some time before doing it. The 
food hardens and dries, becoming 
caked on and the treatment needed to 
remove it is much more strenuous than 
if the washing up had been done im- 
mediately after the meal. The same 
applies to chemical glassware. Test 
tubes are comparatively easy to clean 
just after they have been in use. Often 
swilling under the tap will remove 
most of the deposit, but if test tubes are 
allowed to stand dirty for days, even 
vigorous brushing may not remove the 
deposits that have formed on the glass. 
It should be a general rule in any 
laboratory that apparatus is never put 
away dirty, but always washed im- 
mediately it has been used. 

There are different standards of 
cleanliness. It is obviously unnecessary 
to go to great lengths cleaning a test 
tube which will only be used to collect 
drops of an unwanted filtrate. But if 
the tube is to be used in analysis, 
metallic and acid radicals must be 
removed, otherwise they will show up 
in the analysis, giving an erroneous 
result. The method of cleaning de- 
pends very much on the purpose for 


which the glassware is to be used. 

Just as in household washing up, 
many items in the laboratory can be 
washed using warm water and a liquid 
detergent or an abrasive cleaner. A 
test tube brush helps to scrub away the 
dirt. Because glassware has a certain 
attraction for detergent, a thin film of 
detergent tends to be adsorbed on to its 
surface. A fairly prolonged rinsing is 
needed to remove most of it. This sort 
of cleaning is satisfactory for most 
laboratory purposes. 

Some deposits, though, are rather 
obstinate, and brushing in detergent 
solution is not sufficient to remove 
them. If the nature of the deposit is 
known, then usually a suitable solvent 
can be found. Alternatively a particu- 
lar reagent can be used to react with it. 
Then the deposit is removed as it is 
used up in the chemical reaction. 

Many inorganic salts may be re- 
moved by water alone, and organic 
substances, with solvents such as 
acetone. Heavy contamination with 
oils or waxes is best removed by vapour 
degreasing with a solvent such as tri- 
chlorethylene. To do this, the solvent 
is boiled and the vapour is allowed to 
condense on the glassware, when it 
strips off the oil and drips back into the 
boiler. A constant supply of fresh 
vapour soon removes all grease. 

Silicones, sometimes used in the 
laboratory for sealing ground glass 
joints, are removed by immersion in 


Rinsing glassware with ultra-pure water 
in a ‘recirculator’. Conductivity meters 
check the purity of the water. When the 
article is clean the washing water will 
remain pure and the meters read the same. 


PURE WATER 
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THEREFORE HIGHER 
CONDUCTIVITY 
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For most purposes it is quite sufficient to 
wash glassware with water and a liquid 
detergent. Because detergent tends to cling 
to the surface of the glassware, it should be 
given a very thorough rinsing. 


potassium hydroxide in 50 : 50 water: 
methyl alcohol. As this mixture eats 
into the glass, thorough rinsing is 
essential, 

Particular chemicals may be re- 
moved by treatment with specific 
reagents. For example, if the deposit 
is an inorganic base (the oxide or 
hydroxide of a metal), then it can be 
removed by the reaction with an acid. 
ACID + BASE = SALT + WATER. 
The base is removed and the salt and 
water formed can be washed away. 

It makes it easier if the nature of the 
deposit is known, but if it is not, 
chromic sulphuric acid can be used to 
remove obstinate material. It is also 
used for more critical work where con- 
tamination by detergent cannot be 
tolerated. Chromic sulphuric acid is a 
vicious orange coloured liquid and 
needs handling with respect. Made by 
dissolving sodium or potassium chro- 
mate or chromium trioxide in con- 


Glassware being ultrasonically cleaned by 
bombarding it for a short time with sound 
waves of a very high frequency, well above 
the range of human hearing. Very greasy 
articles are geven a preliminary cleaning in 
the vapour degreasing untt. 


| 


Where ‘scrupulous cleanliness is needed, the 
object can be soaked for several hours in 
chromic-sulphuric acid and then thoroughly 
rinsed. Chromic-sulphuric acid is made by 
dissolving crystals of sodium dichromate in 
concentrated sulphuric acid. 


centrated sulphuric acid, its action is 
twofold. The chromate is a powerful 
oxidizing agent and oxidizes the im- 
purities, loosening them from the 
surface while helped by the dehydrat- 
ing action of the concentrated sul- 
phuric acid. The glassware is im- 
mersed in this solution for a few hours 
and then thoroughly rinsed with distil- 
led water to remove the acid. Again, 
thorough rinsing is needed as the 
chromate ion tends to be adsorbed on 
glass. The glass is then chemically 
clean. Water will wet the surface 
evenly without breaking up into pat- 
ches or drops as it does on a greasy or 
dirty glass surface. 

In cases where really scrupulous 
cleanliness is needed, the glass can be 
further rinsed with ultra-pure water in 
a ‘recirculator’. The water is purified 
on passing through an ion exchange 
resin where the positive ions are ex- 
changed for hydrogen ions (H* ) and 
negative ions are exchanged for hy- 
droxyl ions (OH~ ). Water, (H,O) 
takes the place of the ionic impurities. 
This water is a very poor conductor of 
electricity, i.e. it has a low conducti- 
vity. It passes through a conductivity 
meter before spraying over the object 


VAPOUR 
ULTRASONIC STILL 
TANK 


CHROMIC 
NITRIC 
CID 


Very dirty volumetric glassware — pipettes, 
burettes etc. can be washed with chromic- 
nitric acid, not detergent. Chromic nitric 
acid is made by dissolving chromium 
trioxide crystals in concentrated nitric acid. 


being rinsed and as it drains away it 
passes through another meter on its 
way to be recirculated. When the ob- 
ject is thoroughly clean, the two 
meters read the same. 

A quicker way of using chromic sul- 
phuric acid is to swill a little of it 


around in the vessel to be cleaned, and 
then gradually add water. A great deal 
of heat is liberated as the acid becomes 
dilute and the hot solution destroys 
the contamination. 

The Hilditch reaction is even more 
violent. In this method a little nitric 
acid is swilled round the vessel to be 
cleaned and alcohol is added. A 
violent oxidizing reaction ensues 
which burns off the contaminating 
matter. This method is dangerous and 
should be done in a fume cupboard, 
if at all. 

For volumetric ware where the in- 
strument is made to deliver exact 
volumes of liquid, detergents cannot 
be used as even tiny traces left on the 
glass alter the surface tension of the 


water and therefore the shape of the 
water surface (meniscus) changes too. 
As volumetric readings are taken by 
reading to the bottom of the meniscus, 
a change in meniscus shape means an 
incorrect result. Also the drainage 
time of vessels which deliver a given 
volume alters. Chromic-sulphuric acid 
should not be used either, because the 
heat liberated makes the glass expand, 
increasing its volume. Chromic-nitric 
acid is used instead. This is not so 
violent in its cleaning action but does 
not heat up on dilution with water. 
Ordinary paper filters are thrown 
away after use but those of sintered 
(porous) glass must be thoroughly 
cleaned for use again. In most cases, 
the permanganate method is adequate, 
particularly for removing organic sub- 
stances. A 1‘/ solution of potassium 
permanganate is sucked on to a porous 


plate and a little concentrated sul- 
phuric acid is added. The single un- 
combined atoms of nascent (newly 
born) oxygen produced have a power- 
ful oxidizing action. 

Brown manganese dioxide precipi- 
tated by side reactions discolours the 
filter, which is then dried and treated 
with hydrogen peroxide acidified with 
sulphuric acid. The oxygen liberated 
bleaches the plate spotless white. 

Ultrasonic cleaning baths are be- 
coming increasingly popular. The 
dirty article is immersed in either 
water or a solvent to be cleaned by a 
few seconds: treatment with high fre- 
quency sound waves. All solid sticking 
to the glassware is rapidly loosened by 
the action of the waves. 


1213 


ELECTRONICS 


DETECTING 
the SIGNAL 


diode is an electronic component which conducts 
electricity in one direction only. In the transistor 
super-het radio set there is just one diode, and this is the 
component which is said to detect the signal. The diode is to 
finally sort out the wanted ‘message’ part of the signal from 
the unwanted higher frequency signals associated with it. 
It is usual in transistor sets to use semi-conductor diodes, and 
this set is no exception. 

The diode was actually present in the model of the 
second stage of the transistor super-het (described on page 
1178), but then it was hidden inside a metal case ‘screening’ 
some of the components. Now the case has been removed 
to reveal one transformer, two capacitors, one resistor and 
the diode. 

The transformer and one of the capacitors marked the 
end-point of the second stage, where the wanted ‘message’ 
signal and a signal of frequency 465 kilocycles per second 
were amplified together. The capacitor and the coils of the 
transformer form a tuned circuit, which responds to signals of 
frequency 465 kilocycles per second far more readily than 
to signals of any other frequency. It passes this signal on to 
the third stage. 

It must be remembered that the wanted signal is what 
is called amplitude modulating the 465 kilocycle per second 
signal. The hearable audto-frequency defines the overall 
shape, or envelope of the higher-frequency signal. But it can 
be seen from the diagram that the shape is symmetrical. 
‘Above the line’ current ‘pulls’ are exactly balanced by 
‘below the line’ current ‘pushes’. ‘Push’ cancels ‘pull’ so 
the net effect is zero. The diode allows through it ezther 
‘pushes’, or ‘pulls’, but not both. If, say, it is connected so 
that it allows through only current ‘pushes’ then the 


electron repelled by 


electron can pass 
barrier 


through barrier 


While the transistor itself is a sandwich of three parts of 
semiconducting material —either n-type/p-type/n-type or 
seer gigi dl. e, the semi-conductor diode is made from 
only two pieces of semi-conductor. It consists of a piece of 
n-type joined to a piece of p-type semi-conductor. A stream of 
electrons can flow from n-type to p-type, but not in the 
opposite direction. This is the result of adding a few impurity 
atoms to the originally pure pieces of semi-conductor. In 

- N-type semi-conductor, extra free negative charges have been 
added, while the impurity atoms in p-type have added to it 
extra free positive charges. — 

When the two types are joined together positive charges 
flow in one direction across the junction, and negative 
charges in the other direction. The flow soon stops, but it has 
formed a ‘barrier’ of electrostatic force which will repel a 
current of electrons approaching it from the wrong direction. 
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BATTERY TERMINAL VOLUME CONTROL 


RESISTOR R 


current coming out of the diode will consist of forward 
‘pushes’ of varying size. The size, or amplitude of the ‘push’ 
determines the eventual volume of the signal. The rate at 
which the current pushes to-and-fro determines the 
frequency, or pitch, of the sound coming out of the radio set. 

The diode, however, does not get rid of the 465 kilocycle 
per second signal, now unwanted because if it is further 
amplified, it might distort the audio-frequency signal. But 
the resistor and the second of the capacitors uncovered by 
removing the screening case are included to, in effect, 
filter away the 465 kilocycle per second signal. The signal 
coming from the diode is faced with a choice of two alterna- 
tive routes. It can flow either through a resistor, or through 
a capacitor. The higher the frequency of an alternating 
electric current, the more it prefers to travel through a 
capacitor. So most of the 465 kilocycle per second signal 


The diode removes half of the signal. By the time the signal reaches the next stage, all the 
higher frequency part has disappeared. 


takes the capacitor route, which ‘shunts’ it away to Earth, 
while most of the lower audio-frequency signal goes on to 
the next stage via the resistor. 

As this does not usually separate the signals sufficiently, 
the path is again divided into two parts, a capacitor route 
and a resistor route. Most of the remaining 465 kilocycle 
per second signal chooses the ‘blind alley’ route through 
the capacitor to Earth. The rest of the signal, which is by 
now nearly all audio-frequency, and very little 465 kilo- 
cycle per second frequency, goes on to the fourth stage of 
the transistor set, the audio-frequency amplifier. 


Automatic Volume Control, or A.V.C. 
The knob which controls the final volume of sound 


delivered by the radio set is also included in the third 
stage. The volume control is an adjustable resistor, and it 
is, in fact, the second of the resistors forming the ‘alterna- 
tive routes’ leading from the detector diode. The first 
resistor is chosen so that the wanted current flows through 
it. But, if the set is to produce any volume of sound at all, 
the signal has to be discouraged from flowing through the 
second, volume-control resistor. Instead, it must flow on to 
the base of the first transistor in the next amplifying stage. 


When the volume control resistance is small, the volume of 
sound will be small, for a large proportion of the signal has 
found it easier to take the small-resistance path through the 
volume control. This leads it away to Earth. When the 
volume control knob is turned so that the volume control 
resistance is large, then very little of the signal will prefer 
to travel through it to Earth. Most of it prefers to take the 
route through to the amplifying stage, so the resulting 
sound volume will be large. 

When the volume control resistance is large, the volume 
of sound is large. When the volume control resistance is 
small, the sound volume is low. 

However, other, uncontrollable factors may also be 


affecting the volume of the signal. Atmospheric conditions, 
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FREQUENCY CONTROL 


FREQUENCY 

FILTERED 

“ OFF 
When the route divides into two, the wanted 
signal takes one path, and the unwanted 


_ signal, the other. 


in particular, may affect the strength of the signal received 
by the radio aerial. An automatic volume control automatically 
compensates for these random increases and decreases in 
the signal strength. The automatic volume control in this 
radio set is simply one resistor, connected between the 
output end of the diode detector and leading back to the 
input end of the previous stage, the intermediate frequency 
amplifier. It is principally to include the automatic volume 
control that the circuit model for the third stage includes 
all the components of the previous stage. 

By connecting just this one resistor, the current from the 
detector is given another possible route. But this route 
takes it back one stage, i.e. it feeds it back through the 
amplifying stage again. It leads to the base of the first 
transistor. When uncontrollable factors have made the 
volume large, the amount of current ‘fed back’ is relatively 
large. This current is, however, going in the opposite 
direction, through the transistor, to the direct current 
‘biassing’ the transistor. So there is a net reduction in the 
current going through the transistor, and this has the 
effect of reducing the amplification it gives. 

Slow changes in volume inflicted on the signal by 
atmospheric conditions are smoothed out. If a large 
signal appears, then a fraction of it is ‘fed back’ through 
the resistor so that it is amplified less. 
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CE melts at o°C, copper melts at 
1,083°C while oxalic acid melts at 
101°5°C. The temperature at which 
crystals of a particular substance melt 
is a characteristic of the substance. It is 
a measure of the strength of the forces 
of attraction which bind the molecules 
(or ions) together to form the crystal. 
By heating the crystal, the vibrational 
energy of some of the molecules be- 
comes so great that suddenly the inter- 
molecular forces, which keep the mole- 
cules in their positions in the crystal 
lattice, are overcome. When these 
inter-molecular forces are overcome, 
the crystal melts. 

While the crystals are melting, the 
temperature of the mixed solid and 
liquid phases remains constant. Latent 
heat is required to melt the crystals and 
as long as some solid remains the tem- 
perature does not rise even though 
heat is still being supplied to the sys- 
tem. If heating ceases, the liquid and 
solid phases of the substance remain in 
equilibrium ~ at the melting point, the 
rate at which the liquid freezes is 
equal to the rate at which the solid 
melts. 

Pure solid substances, therefore, 
melt: at well defined temperatures. 
There is, however, no definite tem- 
perature at which a mixture of two or 
more solids will melt. Instead, melting 
continues while the temperature of 
the mixture rises. 

The presence of quite small quanti- 
ties of impurities modifies a substance’s 
melting point to such an extent that it 
melts as it is warmed through a tem- 
perature band. Furthermore its melt- 
ing point may be reduced consider- 
ably. As a consequence, one quick 
way of checking the purity of a sample 
is to measure its melting point. This 
technique is used quite frequently 
when organic compounds are being 
purified. 

One of the final stages in identifying 
an unknown organic solid is to measure 
its melting point. Other tests will 
already have revealed the class of 
compound present, and the melting 
point determination should indicate 
the particular homologue (i.e. mem- 


ber of that class of compound). 

There are several different types of 
apparatus in which melting points are 
determined, but the sample itself is 
usually placed in a special capillary 
tube sealed at one end. As the tube has 
a very narrow bore, the sample must 
be finely powdered. The tube itself has 
quite thin walls so thaf heat is rapidly 
conducted to the sample. 

In elementary [faboratories, 


the 


SAMPLES 


THERMOMETER IN TUBES 


LENS 


Various devices incorporating elec- 
tric heaters are now available for 
measuring melting points. One such 
apparatus is shown above. The capil- 
lary tube containing the sample to- 
gether with the thermometer is 
accommodated in recesses in the 
metal block. This block, which is 
frequently made of aluminium, also 
contains small heating coils. The rate of 
heating is controlled by a rheostat, 
and the apparatus usually incorporates 
a lamp and lens for viewing the speci- 
men under examination. 


temperature of the sample is usually 
raised by placing the capillary tube in 
a small beaker or a small long-necked 
flask containing medicinal paraffin. 
(For temperatures above 220°C con- 
centrated sulphuric acid is used in 
place of the paraffin.) 

In carrying out a determination, 
the capillary tube is mounted so that 
the sample is as close as possible to the 
bulb of an accurate thermometer. The 
liquid is slowly warmed by a Bunsen 
burner flame, and the temperatures at 
which melting commences and _ is 
complete are noted. It is often easier to 
find an approximate value first by 
rapid heating, and then to repeat the 
determination more slowly using a 
fresh sample. 


DYNAMICS 


Momentum 


CHARGING bull may be moving 
with a speed of 12 miles per hour. 
In dynamics the term velocity is usually 
preferred to speed, since velocity takes 
into account the direction of move- 
ment, as well as the actual speed. The 
bull’s velocity is an important quan- 
tity to know if the bull is chasing 
somebody. For example, the bull may 
be chasing a small boy running with 
exactly the same velocity of 12 miles per 
hour, in exactly the same direction. By 
knowing the velocities of the boy and 
the bull, and by noticing that they are 
equal, it can be seen that the bull will 
not, in fact, catch up with the boy. 
However, if only the velocities are 
known, it is impossible to work out 
what will happen if boy and bull 
collide. Then their masses, as well as 
their velocities, will be important. One 
of the most useful quantities to know is 
the momentum, or the product of mass 
and velocity (i.e. momentum is mass 
x velocity). For the momentum is the 
quantity of motion. The bull, with its 
large mass, has obviously more mo- 
mentum than the boy, although both 
have the same velocity. The momen- 
tum of a body gives an indication of the 
effort (or more exactly, the impulse) 


MOVING WAGON 


STATIONARY 
WAGON 


needed to get the body moving or, for 
that matter, to stop it. A lot of effort 
has been needed to get the bull moving 
at 12 miles per hour. But not so much 
effort has been required for the boy to 
be moving at the same velocity. 

In the same way, the boy can be 
stopped relatively easily. A small im- 
pulse applied in the opposite direction 
would slow him down — in other words 
reduce his momentum. A compara- 
tively large impulse would be re- 
quired to reduce the momentum of 
the bull. 

So the momentum is important 
when the motion is being changed in 
any way — in particular it is important 
in sudden collisions, such as the bounc- 
ing of a ball against the ground, the 
impact between tennis racquet and 
ball, or the head-on collision between 
two cars. ~ 


Momentum is conserved 


One of the reasons for calculating 
momentum is that, in sudden collisions 
or in explosions, it is conserved. The 
momentum before the collision or 
explosion is exactly the same as the 
momentum afterwards. This is par- 
ticularly useful, because the velocities 
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TWO WAGONS ARE MOVING 


AT REDUCED SPEED 


THREE WAGONS ARE MOVING AT 
FURTHER REDUCED SPEED 


ws 


Initially one wagon is moving. Then it collides with two stationary wagons. The momen- 


_ tum of the first wagon is shared by the other wagons. Momentu 


is conserved during 


the moment of impact, but some may be lost (through friction, etc) in between collisions. 


* 


Both boy and bull are moving with the same 
velocity. But since the bull has a greater 
mass than the boy, it has more momentum. 


of the objects, before and afterwards, 
can be worked out. 

In one of the examples shown here, 
a railway wagon is given an impulse so 
that it moves towards a stationary 
wagon. The two collide, join together, 
and then start to move together. Be- 
cause momentum is conserved, the 
momentum of the two wagons before 
their collision is equal to their com- 
bined momentum after the collision. 
The stationary wagon had initially 
no momentum —it had no velocity. 
The moving wagon had a momentum 
equal to its mass times its velocity. It 
carried all the momentum involved in 
the collision. 

Afterwards two wagons are moving. 
‘Twice the amount of mass is in motion, 
but, so that the momentum is un- 
changed, their velocity must be half 
the velocity of the single wagon. 

Sometimes momentum seems to 
have appeared from nowhere. This is 
so when a gun is fired. As a result of 
the explosion within the barrel, a 
bullet is given a forward impulse (and 
therefore momentum). The gun was 
stationary just before the firing, so it 
had no momentum. 

However, momentum is conserved, 
for the gun always recoils. It moves 
backwards and its momentum is equal 
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to the forward momentum of the 
bullet, but of course it is in the opposite 
direction. The bullet has a ‘positive’ 
momentum, and the gun a ‘negative’ 
momentum. When the total momen- 
tum of both gun and bullet is added up, 
the ‘positive’ momentum cancels out 
the ‘negative’ momentum, so there is 
no resultant momentum. Momentum has 
been conserved, for there was also 
none before the explosion. 

If two skaters push each other apart, 
they travel in opposite directions. This 
is a similar sort of situation to the bullet 
and gun, only the relationships be- 
tween the velocities and masses of each 


of the moving things can be seen more 
clearly. Initially the skaters have no 
momentum, since they are standing 
still. Just after they have pushed away 
from each other, their total momentum 
is still zero, for they are travelling in 
opposite directions. A ‘positive’ mo- 
mentum in one direction is exactly 
cancelled out by a ‘negative’ momen- 
tum in the opposite direction. But 
their velocities are equal and opposite 
only if they are both of exactly the same 
mass. : 

If, for example, both have a mass of 
150 lbs., and they push each other 
apart so that they are travelling at 11 


feet per second, then the momentum 
of each is (mass x velocity) or 
150 x 11 lbs. feet per second (which is 
1,650 lbs. feet per second). The 
momentum of one skater is plus 1,650 
Ibs. feet per second, and the momen- 
tum of the other is minus 1,650 lbs. feet 
per second. Momentum has _ been 
conserved. 

However, if one skater has a mass of 
100 lbs. and the other a mass of 200 
Ibs., then it is found that they do not 
travel with equal and opposite velo- 
cities. The 100-Ibs. skater may travel 
away at 15 feet per second. His mo- 
mentum is 1,500 lbs. feet per second. 
But the velocity of the 200-lbs. skater 
is smaller. His velocity is only 74 feet 


Whenever a tennis player hits a ball, 
she changesits speed and direction of 
movement. In other words she changes 
its momentum. The player delivers a 
special kind of force, called an impulsive 
force to the ball. This force acts for 
only a fraction of a second during the 
brief moment of impact between 
racquet and ball. The product of the 
force and the time (i.e. force X time) is 
called the impulse of the force. The 
impulse is equal to the change in 
momentum inflicted on the ball. 


per second, in the opposite direction. 

The two momenta must balance 
each other. In this example, both must 
have momenta of 1,500 Ibs. feet per 
second. The two velocities need not be 
equal and opposite, nor need the 
kinetic energies of the two skaters be 
equal. It happens that the momentum 
is the one quantity which balances 
when movements are suddenly 
changed. 


ECOLOGY 


Life in Rivers and Streams 


HE character of a river changes 
considerably between its source 
and its mouth, in one stretch a raging 
torrent cutting its way deeply into 
rock and carrying boulders and stones 
before it; in another part flowing 
quietly and smoothly through its plain 
meandering to and fro, slowly carving 
away its banks in some parts and ad- 
ding to them in others. If it enters the 
sea, then its salinity will vary from one 
part of the estuary to another and with 
the state of the tide: when in flood it 
will be less saline, and conditions in its 
upper reaches will be very different. A 
torrent near its source may be reduced 
to a trickle or dry up altogether during 
droughts. The bed of the river may be 
of hard smooth rock, it may be littered 
with boulders, or covered in gravel or 
mud. 

The speed of the current and the 
nature of the bottom deposit, there- 
fore, vary from one part of a river to 
another. They are important factors 
which severely limit the distribution 
of the animals and plants within it. 
Few plants can gain a foothold where 
the current is swift and where sand or 
mud is not deposited. Of the animals, 
strong swimmers and flattened and 
streamlined, forms with means of cling- 
ing to stones and the like are best 
suited. On the other hand, where the 
current flow is negligible, sand and 
mud will be deposited, plants will have 
sufficient material in which to root 
and a variety of animals (especially 
burrowers) will be able to make a 
living. 

Chemical factors are also of impor- 
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tance. Occasionally a stream may be 
acid and poor in dissolved salts, bar- 
riers that few animals are able to 
overcome. Where large quantities of 
sewage are piped into a river, decom- 
position may so deplete the oxygen 
content that all plants and animals 
are killed. 

Numerous attempts have been made 
to describe a typical river but this is 
extremely difficult, for each has its 
own characteristics. Some may rise on 
a mountainside and the headstream, 
though not containing much water, 
will be extremely fast flowing. Others 
may appear as springs at the bottom of 
a chalk hill and from there flow gently 
to the sea. However, one classification 
of the habitats is described below. 
Some rivers lack some of the divisions 
and local conditions (e.g. waterfalls) 
may upset the sequence. The five 
divisions are:— Headstream, Troutbeck, 
Minnow reach, Cyprinoid reach and 
Pleuronectes reach (the latter is present 
only in rivers that enter the sea). 
Headstream 

This, the upper region of the river 
or stream, generally occurs in high 
ground. Usually it is short with a 
shallow, fast flowing trickle of water 
from the source. This may be a spring 
or melting ice, for example. Its bottom 
is generally rocky and, although it is 
shallow, its temperature is low and it 
has little power of erosion. 

Mosses and liverworts thrive in the 
damp conditions. Despite the fact 
that food is relatively scarce, the 
headstream has a surprisingly varied 
population. There are numerous pro- 
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Moorhens often nest at the edge of a slow- 
moving river where there is plenty of cover. 


tozoans, and wheel animalcules (roti- 
fers). Of the crustaceans, the Fresh- 
water Shrimp (Gammarus pulex) is often 
found. It ‘prefers’ shallow running 
water, rich in oxygen, and is found 
only in ponds that have streams enter- 
ing and leaving. The Water Louse 
(Asellus), on the other hand, seems to 
‘prefer’ still or slow-moving water, 
and is common in the more sluggish 
parts of rivers and ponds. 

The young stages (nymphs) of a 
number of insects are adapted for life 
in fast-moving water. Common are 
the nymphs of some mayflies. The 
adults are extremely short-lived — 
from a few hours to two or three 
days — but the nymphs may take two 
years from the time of hatching to 
reach the adult stage. Many adult 
mayflies fall victim to fish, especially 
trout. The artificial ‘flies’ of Trout 
fishermen are models of several species 
of mayfly. Older nymphs have gills 
along each side of their body. These 
obtain oxygen from the water. Baetzs is 
frequently encountered. 

A few caddisfly larvae that build 
light cases are encountered — Steno- 
phylax and Agapetus, for example. The 
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latter’s case has a flat side, with two 
openings in it, and a curved side. It is 
built of tiny stones. Agapetus hides 
under stones. 

Nymphs of the stoneflies Leuctra and 
Nemoura are frequently found. They 
are not good swimmers and live mainly 
by crawling on the underside of stones, 
pressing their flattened bodies close 
to the stone surface so that the water 
current does not lift them up and wash 
them away. Besides the snail, Limnaea 
trunculata (or Dwarfed Limnaea), a 
number of so-called relict forms may 
be found. These are animals which 
were of widespread occurrence during 
the Ice Ages. As the ice receded, how- 
ever, the number of habitats in which 
they could survive was seriously re- 
duced. They now occur locally in 
mountain streams and springs where 
conditions are sufficiently cold and 
moist. Examples are the flatworms 
Planaria alpina and Planaria cornuta. 

In moist ground along the edges of 
the headstream, the larvae of several 
species of crane flies or daddy-long- 
legs are found. 

Troutbeck 

The troutbeck is a more permanent 
channel downstream of the head- 
stream. The volume of water is 
greater and the current is swift. The 
bottom is either rocky, or strewn with 
stones and boulders, and may also 
contain some gravel. Erosion is con- 
siderable and there may be some 
deposition at the bends. The water is 
extremely cold and the quantity of 
dissolved oxygen high. There is little 
vegetation but, where bottom deposits 
occur, Water Crowfoot may gain a 
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foothold. Plankton is absent and the 
nekton includes the Trout, Miller’s 
thumb and Roach. 


The nymph of the mayfly, Ecdyo- 


nurus, is broad and flat. The strong 
claws at the tips of its large flat limbs 


enable it to cling tightly to the sur- 
faces of stones. Stonefly nymphs, for 
example Perla and Isoperla, are fre- 
quently found. Several web-spinning 
caddis-fly larvae inhabit the trout- 
beck. Hydropsyche builds a net of silk 


threads on the underside of stones. 
Plants and animals caught in the net 
are seized by the larva and eaten. 
Stenophylax and Agapetus also live in 
this region. Larvae of the Black-fly 
(Szmulium) inhabit the Troutbeck, at- 
taching themselves by means of a tail 
sucker to stones in the centre of the 
stream where the current is fastest. 
They can also spin strands of silk, just 
as a spider can, to avoid being washed 
away and so they regain a lost position. 
They have a prominent pair of mouth- 
brushes with which food material is 
filtered from the water. The length of 
larval life varies from a month to six 
months. Each larva forms a tough, 
brown cocoon before pupating, and 
this is attached to stones or plants. The 
adult emerges after only two to three 
weeks. 

The Wandering Snail, Limnaea pere- 
ger, common also in ponds, is fre- 
quently found, as is the River limpet, 


Ancylastrum. Leeches, too, and flat- 


worms live in the troutbeck. The 
animal population of the troutbeck, 
therefore, is similar to that of the stony 


beach community of a lake large 
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enough for there to be some wave 
action. 

The troutbeck is the home of 
oxygen-loving animals. The speed of 
the current is such that they have to 
cope with considerable stresses. All are 
beautifully adapted, either because 
they are streamlined or flattened (e.g. 
Ecdyonurus), they have suckers or fila- 
ments for adhesion (e.g. Szmulium), 
they hide under stones (e.g. Miller’s 
thumb), or they are powerful swim- 
mers (e.g. Trout). 

Minnow Reach 

The Minnow is the characteristic 
animal of this region. The current is 
slacker, erosion less pronounced and 
the fall of the river is less rapid. There 
are usually a number of stones on the 
bottom, for the coarser grits are 
deposited. These act as barriers to 
other material floating downstream, 
and pools often form at the edge of the 
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stream, thus encouraging the growth 
of Water Crowfoot. If it encroaches at 
the edge of the stream, finer particles 
will be deposited, though the bottom 
never has an all-over covering of mud. 
The water temperature varies con- 
siderably with the time of year, often 
being high at the edge. A rich oxygen 
supply may also be present, but it is 
never plentiful enough for the species 
of Black-fly that inhabit the troutbeck. 

The Wandering Snail, Pea-shell 
Cockle (Pistdium), Fountain Bladder 
Snail (Aplecta), and Ramshorn Snails 
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(Planorbis) are common molluscs. 
There are many young stages of 
caddis-flies and dragon flies, and 
numerous flatworms. In the pools, and 
at the edges, there may be sufficient 
sediment for some burrowing forms. 
The nymphs of the mayfly Ephemera 
live in burrows, but the water has to be 
sufficiently muddy for the light intens- 
ity to be low. Light is harmful to them. 
Some of the familiar blood-worms 
(larvae of the midge Chironomus) build 
tubes of mud and feed on debris in the 
bottom deposit. Larvae of the alder-fly 
(Sialis) are often found and water bugs 
may occur if the water is fairly slow- 
moving. Salmon spawn where there 
are beds of gravel, and on bends, 
where deposition is sufficient, the am- 
mocoete larvae of lampreys often live. 
Cyprinoid Reach 

The current of this region is slow and 
there is considerable deposition. The 
river meanders and gravel carried 
down in floods is deposited on the 
slack-water side of bends. The stream 
slowly changes course by continual 
deposition and erosion, often leaving 
ox-bow lakes. Its temperature is 


variable. 

Water plants are abundant, es- 
pecially at the edges, and often the 
surface may have a complete covering. 
Reeds occur where the banks slope 
gently. In the centre of the river 
typical running-water forms live, but 
the edges and quiet back-waters havea 
lake-like fauna. Burrowing forms often 
predominate where the water is tur- 
bid (e.g. Ephemera, various worms — 


Nais, Tubifex—and blood worms). 
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Molluscs include species of Pisidium, 
Sphaerium (Orb-shell Cockle), the 
Swan Mussel (Anodonta) and Fresh- 
Water Mussel (Unio). Plankton is not 
common and the nekton consists al- 
most entirely of fish of the family 
Cyprinidae such as Carp, Bream, 
Tench, Roach and Rudd. 

The Cyprinoid reach is a region of 
great variation, often upset by man’s 
influence, as in areas where meadow 
farming is practised and the stream is 
channelled off over a wide area. The 
back-waters tend to have a richer 
fauna. 

Pleuronectes Reach 

This is the tidal region of a river. 
Such factors as temperature, salinity, 
and current direction vary tremend- 
ously. 

Of the animal community only a 
few species are native to slightly salty 
(brackish) water. They include two 
species of the freshwater shrimp Gam- 
marus duebent and G. zaddachi and a 
flatworm (Procerodes). A brackish water 
form of Jenkins’s Spire Shell (Hdrobia) 
is also common. 

The region is named after the 
flounder (Platichthys) a member of the 
family Pleuronectidae. This fish abounds 
in muddy estuaries, leaving the rivers 


for the sea in the spring in order to 
breed. This fish and many others pass 
through the Pleuronectes reach on 
their way from the river to the sea, or 
in the reverse direction, to breed; for 
example the Trout, Eel, Salmon and 
Smelt. Several species of Coregonus, 
relatives of the salmon, also frequent 
brackish water. 
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NUCLEAR PHYSICS 


Splitting the ATOM 72 


LL matter is made up of atoms. It 

used to be thought that the atom 
was a tiny sphere that could never be 
destroyed or changed in any way, but, 
as a result of the work of twentieth- 
century physicists, the atom can now 
be smashed into pieces. 

In the atom there is a positively 
charged nucleus surrounded by a 
cloud of negatively charged electrons. 
The electrons can be removed from the 
parent atom with great ease. For 
example, every fluorescent lamp is full 
of atoms that have lost at least one 
electron. To change the nucleus is very 
much more difficult. 

In the nucleus, there is a number of 
neutrons and a number of protons. These 
are bound tightly together in the 
nucleus to form a tiny core. To change 


This ‘atom-splitting’ reaction was studied. by. 


In these machines positively charged 
particles such as protons are used as 


missiles. These can be accelerated to — 


great speeds. Nevertheless, they suffer 
from the disadvantage that they are 
repelled by the positive charge on the 
nucleus (like charges repel each other). 

The neutron, however, is uncharged. 
This means that the nucleus does not 
repel it, so the chances of a direct hit 
by a neutron directed at an atom are 
much greater than with a proton. 
For this reason, nuclear scientists 
have tried to change atomic nuclei of 
one element into nuclei of other 
elements by firing neutrons at them. 

Enrico Ferm, an Italian physicist 
was in 1935 conducting one such 
experiment. By bombarding nuclei of 
uranium-235 with slow-moving neu- 
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were accelerated to collide with lithium atoms. The lithium atom absorbed the proton 


ro form an unstable nucleus, which then split 
energy. 
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into two helium nuclei, with a release of 
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When a en enters the uranium-235 atom an unstable atom, which lasts for only 
700-000,000000.000 t" of a second is formed. This then shatters into fragments. This 


reaction was first discovered by Enrico Fermi, and Lise Meitner first suggested that 


nuclear fission had occurred. 
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the nature of the nucleus, fast moving 
particles like protons or deuterons have 
to be hurled at it. Large machines 
(such as the cyclotron and the linear 
accelerator) have been designed to do 
this. Sometimes the particle scores a 
direct hit. Then, it is absorbed by the 
nucleus and an atom of a different 
element is formed. 
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trons, he was hoping to produce new 
elements. What he in fact produced 
was not a new element, but atoms of 
known lighter elements, such as 
barium and lanthanum. Where the 
lighter atoms had come from remained 
a mystery until it was suggested that 
the uranium atom had been split into 
large fragments — almost, in fact, down 


the middle. To confirm this theory, it 
was necessary to find the missing 
pieces of nucleus. 

In 1939 O. Hahn and F. Strassman 
looked for and found barium and 
krypton, produced by neutrons in 
collision with uranium atoms. 

In addition to these larger frag- 
ments, a number of neutrons were 
found to be released as well: 


235 1 
92U) + on 


uranium-235 neutron 


— 


41 1 
eBa + 3ceKr + 3 5n 
barium krypton neutrons 


Later, it was found that slow-moving 
neutrons could cause the uranium 
nucleus to be split up in a great num- 
ber of different ways. In fact, more 
than 250 different isotopes of different 
elements have been identified in the 
fission of the uranium nucleus. 

The astonishing thing about the 
fission process is the vast amount of 
energy released when the nucleus 
splits up. All the protons in the nucleus 
are positively charged and packed 
closely together. When the nucleus is 
split in two, the like charges repel each 
other strongly, and the fragments are 
hurled apart at great speed. Fission of 
quite small amounts of uranium re- 
leases fantastic amounts of energy 
which have been put to work in the 
atomic bomb and in nuclear power 
stations. 

Where does all this energy come 
from ? Obviously not from the neutron 
which initiated the fission process, be- 
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cause this was travelling quite slowly, 
and did not have much energy. The 
answer lies in the nucleus itself, where 
there is a large amount of energy 
locked away until the arrival of the 
neutrons triggers off its release. 

In the uranium nucleus 92 positively 
charged protons are mixed up with 143 
neutrons. In some way which is not 
clearly understood this mixture pro- 
duces a stable nucleus that hangs 
together (although, because uranium- 
235 is radioactive, an occasional nucleus 
in a sample of the material will throw 
out an alpha particle). But the nucleus 
is in a state of stress, wanting to fly 
apart because of the repulsive forces 
between the protons in it. It is pre- 
vented from doing this by the binding 
energy which keeps the nucleus to- 
gether. When a neutron comes along 


THE PARTICLE SIZES IN THIS DIAGRAM 
REPRESENT ATOMIC RADII, NOT MASSES 


MASS CONVERTED INTO | 
ENERGY MAKES UP 
MASS ‘BALANCE’ 


When fission of uranium-235 is caused 
by the arrival of a slow neutron, the 
total mass of the fragments is less than 
the mass of the neutron and the 
uranium atom. The difference of mass 
is converted into an enormous amount 
of energy. 


and enters the nucleus, its stability is 
upset. Just as a large water droplet may 
be split into two small ones if it is dis- 
turbed, so is the nucleus split up by 
arrival of the neutron. Addition of a 
single neutron converts a_ stable 
nucleus into a highly unstable nucleus, 
and nuclear fragmentation is then 
triggered off. 

If the masses of all the fragments 
created in the fission process are added 
together and compared with the 
masses of the original neutron’ and 
uranium atom, it is found that there is 
some mass missing. Mass has been used 
to create energy. Albert: Einstein in his 
special theory of relativity predicted 
that mass can be changed into energy 
and energy into mag. If in the fission 
process, mass is logé, then energy is 
created to make upffor it. 

If the mass@s of thi@ originalg*articles 
(i.e. the neuffion (and th@P uranium 
atom) are adde@dteuether and. com- 
pared Withetho miasses omthe barium 
and kryptOm a@temissama-the neutrons 
preduééd, itis found that o*2Psy-of an 
atomic mass unabis missing An atomic 
Mass wis WaSsOMioon a Scale where 
the@mrdss of fhe Hatially occurring 
earbon atowPis 139. Thi missing mass 
has been c@nverté@l into energy. 

Using insteinfs theory it is easily 
possible to work dut how much energy 
is produced. If, for example, one 
pound of uranium were completely 
‘burned up’ to produce energy, and 
this energy was converted into elec- 
trical energy, then it would keep a 


single one kilowatt electric fire going 
for one thousand three hundred and 
seventy years! 

Because there are three neutrons 
produced in the uranium fission re- 
action for every one neutron that is 
used, the possibility of a chain reaction 
arises. The three neutrons can collide 
with other uranium atoms and cause 
them to split up — they in turn can 
initiate a fission reaction and release 
three neutrons. A single neutron can, 
then, if conditions are right, set offa 
nuclear reaction which ends up by 
consuming a _ large quantity of 
uranium. 

Uranium-235 is not the only 
material that can be used for nuclear 
fission. Plutonium, a newly created 
element, may be used as well. 


If a thin foil covered by uranium is 
stretched across a cloud chamber and 
neutrons allowed to bombard the 
uranium, fission fragments leave ‘va- 
pour trails’ which can be photo- 
graphed. These trails are much denser 
than the trails of particles such as 
protons showing that they belong to 
nuclei of medium atomic weight, and 
with great energy. 
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GEOLOGY 


WHATEVER the origin of our 

planet, it is certain that the 
earliest rocks solidified in huge masses 
from a molten or semi-molten state. 
They must have resembled the granites 
and basalts that we associate with 
volcanic activity. These are igneous 
rocks — a term derived from the latin 
‘ignis’ meaning fire. When the Earth 
cooled and the steam and water 
vapour of the atmosphere condensed, 
weathering and erosion of the rocks 
began. The water and its dissolved 


A sample of conglomerate showing the 
rounded pebbles embedded in a fine-grained 


matrix. 


gases attacked the rocks and weakened 
them: streams carried away the 
loosened material and deposited it 
elsewhere. These deposits were the 
first sedimentary rocks. Since this time, 
the rocks have been uplifted and worn 
down time and time again. The con- 
stituent minerals became part of a new 
sedimentary rock each time but origin- 
ally this material all came from the 
igneous rocks. 

The term ‘sediment’ strictly applies 
to material that settles out from a 
liquid but the sedimentary rocks in- 
clude more than this. They include 
rocks formed from particles that settle 
on land (e.g. wind-blown sand) as 
well as in the water. These are frag- 
mental rocks, made up of particles from 
older sediments or igneous rocks. 
Sedimentary deposits also include 
chemical deposits, for example, rock 
salt and some limestones that are 
deposited from solution. The third 
type of sedimentary rock is the organié 
deposit. Examples include coal, peat 
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and some limestones. all of which are 
made up of the remains of plants 
and/or animals. All have in common 
the fact that they settled layer upon 
layer. Where the types of sediment 
varied fairly rapidly (in geological 
terms) the layers are clearly visible in 
exposed rocks. The bedding planes, 
parallel to the original surface, are 
often weak points in sedimentary 
rocks and it is often possible to split the 
rocks along these planes. Sediments 
frequently trap living and dead organ- 
isms which may then be preserved as 
fossils. lgneous rocks contain no fossils, 
except occasional lava flows that 
sweep up plants and animals. 


Fragmental Rocks 


These are deposits containing actual 
particles derived from older rocks by 
weathering and erosion. They are also 
called clastic deposits. When mech- 
anical weathering is dominant (for 
example, frost and _heat-shattering, 
glacial or marine erosion), the deposits 
— scree, boulder-clay and beach gravel 
— contain irregular lumps of rock with 
a composition very similar to the 
parent rock. The size of the particles 
varies enormously — from huge 


boulders to the finely ground rock- 
flour of boulder-clay. These rather 
irregular deposits are called rudaceous 
deposits. When fresh, they resemble 
the composition of the parent rock but 
subsequent transport or chemical 
erosion may alter them considerably. 
For example a mass of chalk and flint 
at the base of the chalk cliffs will 
quickly be reduced to a mass of flint 
pebbles. The soft chalk is eroded away 
and the flint nodules are rounded. 
River gravels, beach deposits and 
others may later be cemented by 
silica, lime, etc. contained in per- 
colating water. They form conglomerates 
if the pebbles are rounded or breccias 
if the stones are angular. Later erosion 
may remove the cement and leave a 
secondary rudaceous deposit. 
Chemical weathering involves the 
action of water and its dissolved gases 
on the rock. Some of the minerals in 


Simplified diagram to show the way in which clay or shale becomes altered by pressure into 
slate. When clay is laid down, the flaky crystals lie parallel to the surface. Immense pressures 
caused by earth-movements may cause recrystallisation of the minerals in another plane 
perpendicular to the pressure. The rock, now called slate, can be split in this new plane but 


not along the original one. 


PRESSURE OF 


EARTH MOVEMENTS 


the rock are more readily attacked 
than others. Crystals of the more 
resistant ones are released and form 
sandy or arenaceous deposits. Granite 
consists mainly of quartz (silica), 
felspar and mica. The felspar weathers 
and the other minerals are released. 
Prolonged transport removes many of 
the softer and less stable minerals, so 
that the sands deposited in the lower 
reaches of rivers, and around the 
coasts, consist mainly of quartz and 
mica. In regions of very fine-grained 
resistant rocks (e.g. basalts) the sand 
may be made up of particles of the 
parent rock. Desert sands contain 
more rounded grains than water- 
borne sands. The composition depends 
upon the original rock, for there is little 
chemical weathering. Quartz again 
predominates because the softer 
minerals are ground up and blown 
away by the wind. Water-borne and 
wind-blown sands are well sorted 
according to size. The finer particles 
are carried further and any region of a 
deposit contains grains of a particular 
size. Sands carried along by glaciers 
and deposited by their out-flow 
streams are completely unsorted and 
very fresh. They are angular and un- 
weathered. Loose sandy deposits may 
become cemented into sandstones by 
silica, iron compounds or calcium car- 
bonate from percolating water. In the 
latter case they form calcareous sand- 
Stones. 

The finest-grained of the frag- 
mental rocks are termed argillaceous. 
Some, such as boulder-clay and wind- 
blown dust (loess) consist of finely 
powdered rock and are not funda- 


“MIXED OOZE 
OF MOLLUSC 
AND PTEROPOD SHELLS 


GLOBIGERINA 
OOZE 


Various oozes that are now being formed 
on the ocean floors from the skeletons of 
marine organisms. 

mentally different from the sandy 
rocks but the true clays are very 
different. When felspars and various 
other minerals decompose on weather- 
ing they produce a number of very 
stable minerals of a flaky nature. These 
are the clay minerals —compounds of 
aluminium and _ silica, but their 
chemistry is still not completely 
known. These minerals are character- 
istic of the true clays, but as a rule are 
mixed with some rock-flour and silt. 
Clays are carried further in the water 
and are deposited further out to sea 
than sands and silts. The large surface 
area of the flaky minerals adsorbs 
large amounts of water and this is 
responsible for the plastic nature of 
clay. If the overlying sediments be- 
come sufficiently heavy, the water is 
forced out and the minerals re- 


The layered arrangement of sedimentary 
rocks is sometimes quite obvious in cliff and 
quarry sections. Since their formation these 
rocks have been tilted. 


crystallize to form mudstones and shales. 
Slates are clays that have been altered 
(metamorphosed) by enormous pressures. 
The flaky minerals have recrystallized 
so that they lie at right angles to the 
direction of pressure and they easily 
split along these planes. 


Chemical Deposits 


These are deposits formed by pre- 
cipitation or crystallization from solu- 
tion. Many of them are associated with 
desert deposits. There are, for 
example, large deposits of rock-salt 
and gypsum (calcium sulphate) in the 
Triassic rocks of Britain. Arid climates 
result in evaporation of water from 
land-locked seas and lakes and the pre- 
cipitation of the salts. Chlorides and 
sulphates are the most important of the 
chemical deposits but, in certain 
regions, nitrates, borates and iron 
deposits are valuable. Some lime- 
stones were deposited from solution — 
e.g., the Oolitic limestone of the 
Jurassic which is composed of tiny 
spherical lumps of calcium carbonate. 
Water running from limestone rocks 
may coat objects with calcium car- 
bonate. Stalactites and ‘stalagmites 
are formed by precipitation of car- 
bonate from dripping water. 


Organic Deposits 


Coal and oil are the altered remains 
of animals and plants that accumu- 
lated long ago in swamps or on the sea- 
bed. These are truly organic sedi- 
ments. Many limestones are built up of 
the remains of animals. Crinozdal lime- 
stone is made up of the skeletons of sea- 
lilies (crinoids). Chalk consists of the 
skeletons of millions of tiny planktonic 
animals. The floors of the present-day 
oceans are covered by various 002Zes, 
made up of skeletons of radiolarians, 
foraminiferans, diatoms (tiny plants) 
and other organisms. These will even- 
tually be consolidated by great pres- 
sure or by cementation, and form 
rocks. Pure organic deposits can build 
up only far out to sea or around low- 
lying coasts where there is little other 
sediment. 
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Chromium 


Plating 


TS strength and comparative cheap- 
ness make steel the most widely 
used metal of all. But steel has one big 
drawback. It rusts under the influence 
of the atmosphere. An ordinary steel 
car bumper left standing in the rain 
soon becomes coated with a layer of 
scaly rust and finally crumbles away 
to a heap of powder if it is not given 
special protection. There are some 
steels which do not rust. These are 
special grade stainless steels but they 
are much more expensive and their 
large scale use is not practicable. 
Chromium plating is a cheaper way of 


CATHODE BAR 


CONDUCTING 
WIRE 


Articles wired on a frame ready for plating. 


solving the rust problem. It also gives 
an attractive shiny finish to the metal, 
and can be used to protect large 
metallic areas. 

Chromium plating should really be 
called nickel chromium plating, for the 
real protection comes from a much 
thicker layer of nickel situated beneath 
the shiny chromium surface. Nickelisa 
metal which is not corroded by the 
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Electric kettles arranged on insulated jigs 
ready for plating. 


atmosphere, but it does go dull and 
after a time looks very drab. In the 
early days of plating, nickel alone was 
used to cover the metal surfaces. It 
proved to be far too soft to give the 
metal adequate protection, for it was 
too easily scratched. Deep scratches 
penetrated through to the underlying 
iron and soon gave rise to patches of 
rust. Chromium is a much harder 
metal and therefore offers much 
greater resistance to scratches. 

As this metal stays bright, shiny and 
attractive it would seem to be the 
obvious choice for protective plating 
but unfortunately if a reasonable 
thickness of it is applied it cracks and 
exposes the underlying steel. In 1928, 
nickel chromium plating came into 
use, first a layer of nickel to protect the 
metal underneath and then a thin 
layer of chromium to protect the 
nickel from scratches and give a shiny 
finish. 

This type of plating is also used to 
protect brass and alloys of zinc from 
corrosion. 

Different conditions require dif- 
ferent plating techniques. Something 
which has to withstand the buffetting 
of wind and rain will need greater pro- 
tection than an article which will 
always be kept dry. For this reason, 
objects are classified into three groups: 
those used for exposed outdoor service 
(car bumpers, for example), steamy or 
damp indoor service (e.g. water taps) 
and objects such as the clip on a 


a 
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Some anodes designed to obtain an even 


thickness of plating. 


propelling pencil for dry indoor ser- 
vice. For proper protection of steel, 
certain minimum thicknesses of nickel 
must be applied. For severe conditions 
it must be o-oor2 in. thick, for 
moderate conditions 0-0008 in. and 
for mild indoor service 0:0004 in. 
thick. Brass and zinc alloys require less 
protection. The minimum chromium 
thickness (0: 00001 in.) is the same for 
all cases. 

Chromium plating is not a job for an 
amateur. It depends a great deal on 
specialized knowledge, as each type 
and shape of article needs special 
treatment. Here, only the general out- 
line is given rather than a confusion of 
detail. Whatever the nature of the 
article it must be thoroughly cleaned, 
otherwise the plating will be faulty. 
The metal is usually cleaned with a hot 
alkaline solution, rinsed and _ then 
dipped in acid before plating. 

The surface to be electroplated with 
nickel must also be smooth with no 
bumps in it. Steel which has been 
manipulated and shaped often has a 
rough surface and this is difficult to get 
smooth. In such cases a layer of copper 
is plated on before the nickel because it 
is easy to polish the softer copper 
rather than the harder steel. Zinc alloy 
which has been die cast into various 


Section through some chromium plating 
magnified 750 times. The chromium layer 
is very thin compared with the two nickel 
layers. 


NICKEL LAYERS 


CHRQMIUM 


Small articles about to be plated in a rotating barrel. The barrel will be submerged in 


electrolyte between rows of anodes. 


articles is also usually copper plated, 
in order to avoid its being attacked by 
the acidic nickel plating solution. 
Nickel plating 

The electroplating tank is filled with 
a solution of a nickel salt. The article to 
be plated is suspended in this liquid 
electrolyte and connected to the nega- 
tive terminal of a source of direct 
current. The object then becomes the 
cathode. ‘The positive terminal is con- 
nected to an anode of nickel which also 
dips into the solution some small 
distance from the cathode. Nickel 
from the solution is deposited on the 
object and more nickel from the anode 
goes into solution to take its place. 

The objects are seldom plated one at 
a time, but usually in batches. They 
can be either wired onto a metal frame 
or hung on rigid jigs or racks. The 
electrical current flows either through 
the wire or through the jig to the 
objects. It is preferable to use a jig 
because it takes less time to assemble 
and the object is free from wire marks. 
Also the objects can be more 
accurately positioned. 

Naturally the longer the article is 
left to plate, the thicker the nickel 
deposit will grow. The thickness also 
depends upon the density of the 
current reaching the surface. When 
flat anodes are used, the current 
density varies over the surface. The 
thickness of the deposit varies too un- 
less special tricks are used to give an 
even coating. For example, a cylin- 
drical object can be evenly plated by 
placing it inside a cylindrical anode, 
then the current density is the same all 


over the surface. If flat anodes were 
used the current density would be 
greater at the curved surface nearest to 
the plate. 

Chromium plating 

The chromium plating is carried 
out in similar fashion to the nickel 
plating except that this time the 
electrolyte is a solution of chromium 
salts. Also the anode is not made of 
chromium but of lead or lead alloy, as 
this is much more convenient. All the 
chromium comes from chromium salts 
in solution. The lead anode is in- 
soluble and does not contaminate the 
solution. 

Chromium could formerly be plated 
only 0-oooo1 in. thick using the older 
types of electrolyte, but now great 
resistance to corrosion can be achieved 
by using one of two distinct new types 
of chromium plating, each obtained 
by using special solutions of electro- 
lytes. They represent two different 
approaches to the problem of pits 
forming in the nickel through cracks 
in the chromium layer. With crack- 
free chromium, a crack-free layer of at 
least 0:0003 in. thickness is applied. 
With micro-cracked chromium, a thin- 
ner layer with about 700 cracks per 
inch of surface is used. Instead of a few 
large deep pits forming, a very large 
number of harmless small pits form 
under the cracks. 

Chromium plating should have a 
long life if it is treated properly. Wash- 
ing with soapy water, rinsing and 
drying with a leather keeps it in good 
condition, but abrasives tend tg 
scratch and score it. 


THICKNESS 
READ 
DIRECTLY 


NON-DESTRUCTIVE GAUGE 


Thickness checking 


The efficiency of the plating depends 
very much on the thickness of the metal 
layers. The most accurate way of 
determining this involves taking a 
section of the metal and examining it 
under a measuring microscope. This is 
all right for checking occasional articles 
but no use for checking every one, as 
the plated article is destroyed. There 
are several methods of non-destructive 
checking. One is based on the e.m.f. 
produced when a metal junction is 
heated and another on the magnetic 
properties of the metals involved. 
These instruments are useful for 
checking each article but neither can 
give such accurate results as the des- 
tructive methods. 

A technique which is as accurate as 
the microscopic method and only in- 
volves destroying the plate and not 
the article itself is to electrolytically 
dissolve a small area of the plate off the 
steel and check how much current is 
needed to do this. 


GAUGE IN WHICH SOME PLATING IS 
DESTROYED 


GAUGE MEASURES 
THE QUANTITY 
OF ELECTRICITY 
NEEDED TO 
REMOVE THE 
PLATING 
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| ORGANIC CHEMISTRY | 


IMETHYL ether and ethyl alcohol 
are a pair of structural isomers. 

The molecules of both substances con- 
tain the same number of the same kinds 
of atoms, namely six atoms of hydro- 
gen, two of carbon, and only one 
oxygen, but these atoms are arranged 
in different ways in the two com- 
pounds. In ethyl alcohol the oxygen 
atom forms part ofa hydroxyl (— OH) 


TETRAHEDRA 
CAN ROTATE = 
ABOUT THIS | 


ETHYLENE LINKAGE 


DICHLORIDE 
Clea C =H 


THE BLUE TETRAHEDRA 
REPRESENT CARBON ATOMS 


It may appear from the two two-dimensional 
models (right) that there are two isomeric 
forms of ethylene dichloride. The three- 
dimensional model (left) shows that these 
are identical. 


group attached to an ethyl (C,H; —) 
chain, while in dimethyl ether the 
oxygen atom acts as the link between 
two methyl (CH, —) groups. As a 
consequence, the two substances have 
different chemical as well as physical 
properties. 

Isomerism arises because the com- 
paratively large number of atoms 
which make up many organic com- 
pounds can be arranged in more than 
one way. In structural isomerism, like 
that exhibited by ethyl alcohol and 
dimethyl ether, the constituent atoms 
form different groups, or the various 
groups of atoms are attached to dif- 
ferent atoms in the carbon chain. 
There are, however, other kinds of 
isomerism in which the same atoms or 


groups (e.g. — H, — OH, — COOH) 
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are attached to the same carbon atoms. 

It may seem strange that two or 
more chemical compounds with dif- 
ferent properties can exist in this way. 
It is possible, however, because the 
various atoms or groups of atoms can 
sometimes be arranged in different 
ways around the framework of carbon 
atoms. Although it is often convenient 
to show the arrangement of atoms in 
the molecule of any organic compound 
by a two dimensional drawing (many 
carbon atoms are then surrounded by 
four valency bonds at right angles to 
each other), this can lead to false con- 
clusions. A better model is achieved by 
regarding the four valency bonds as 
the four vertices (corners) of a fetra- 
hedron (a pyramid with four triangular 
faces). 

In the compound ethylene di- 
chloride, for example, the two carbon 
atoms are linked by single valency 
bonds. One chlorine atom and two 
hydrogen atoms occupy the remaining 
valencies of each carbon atom. A two- 
dimensional diagram may lead one to 
the conclusion that two arrangements 
of the chlorine atoms are possible, but 
a three-dimensional model quickly 
disposes of this theory. Rotation about 
the single valency bond is possible, so 
that the chlorine atoms (one attached 


to each carbon atom) can take up any 
position in relation to one another. 

The situation is rather different, 
however, if a pair of carbon atoms are 
linked by a double bond. In the three- 
dimensional model this is represented 
by having two edges of the tetra- 
hedron touching, and as a con- 
sequence, these two carbon atoms are 
no longer free to rotate in relation to 
one another. So, there are two different 
arrangements, and hence two different 
compounds are possible. 

Geometrical or cis-trans isomerism, 
as this is called, is exhibited by maleic 
and fumaric acids. Analysis has shown 
that both acids consist of two 
(CH.COOH) units linked through 
the carbon atoms of the ‘CH’ groups 
by a double bond, but although they 
have the same structural formula they 
have different properties. Maleic acid 
is very soluble in water and melts at 
130°C. Fumaric acid, however, is only 
slightly soluble in water and has a 
much higher melting point (287°C.). 

When heated in a steam bath with 
acetyl chloride, maleic acid readily 
loses water to yield an anhydride, while 
fumaric acid has to be heated much 
more strongly before water is expelled. 
When eventually this occurs, the same 
anhydride is produced as is obtained 
from maleic acid. Asa result of this and 
other experiments it has been deduced 
that the two carboxyl (— COOH) 


groups must be situated on the same 


side of the molecule in maleic acid, 
while they are on opposite sides in 
fumaric acid. This explains how water 
can be eliminated quite easily from 
maleic acid (the two — COOH groups 
are close together). The isomer with 
two similar groups on the same side of 
the double bond (e.g. maleic acid) is 
called the cis-isomer, while in the 
trans-isomer (e.g. fumaric acid) similar 
groups are on opposite sides. 

A carbon atom to which four dif- 
ferent atoms or groups are attached is 
said to be an asymmetric carbon atom, 
and another type of isomerism — optical 
isomerism — occurs in compounds con- 
taining one or more of these atoms. In 
this instance, however, the chemical 
and almost all the physical properties 
of the isomers are the same. 

There is, however, one important 
difference, namely their effect on 
polarized light. Solutions of a pair of 
optical isomers rotate the plane of 
polarization of polarized light in dif- 
ferent directions. The isomer which 
causes the plane to rotate in a clockwise 
sense (i.e. to the right) is said to be 
dextro-rotatory while the other isomer 
which rotates the plane to the left (i.e. 
anticlockwise) is Jlaevo-rotatory. This 
optical effect is similar to that pro- 
duced by crystals (but not solutions) of 
calcite (calcium carbonate), sodium 
bromate and sodium iodate. 

One of the simplest compounds that 
contains an asymmetric carbon atom 
is lactic acid, which is present in sour 
milk. The four groups attached to the 
central carbon atom are hydrogen 
(H —), hydroxyl (— OH), methyl 
(CH, —) and carboxyl (— COOH), 
and they can be arranged in two dif- 
ferent ways around the tetrahedron. 
Furthermore it will be seen from the 
diagrams that the two models are 
mirror images of one another. This is, 
in fact, a test which can be applied to 
any pair of structural formulae to find 
if they are optical isomers. 

A pair of structural isomers, or of 
geometric isomers, have different chemi- 
cal properties, so that a chemist is able 
to prepare a pure sample of any chosen 
isomer. In contrast, chemical methods 
invariably produce a mixture in equal 
quantities of a pair of optical isomers. 
This is hardly surprising as optical 
isomers have identical chemical 
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Geometrical (Cis-Trans) lsomers 


This type of isomerism may occur when there is a restriction on rotation within the 
molecule and is often caused by two carbon atoms being linked by a double bond. In 
the three-dimensional model, the double bond is indicated by the two tetrahedra being 
joined along one edge. These models of maleic and fumaric acid show that in maleic 
acid (cis-isomer) the carboxyl (—COOH) groups attached to the carbon atom are 
adjacent, while in fumaric acid (trans-isomer) they are on opposite sides of the molecule. 


properties. 

However, many substances taking 
part in chemical processes in living 
things are optically active, either the 
d-(dextro-rotatory) or the J/-(laevo- 


_rotatory) form of the compound pre- 


dominates. For example, the sugars 
found in nature are usually of the d- 
form, while the /-form of amino-acids 
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is frequently present in large quan- 
tities. Most enzymes (organic cata- 
lysts) show strong specificity for either 
the d- or the /-form, but not both. 
Amongst the processes which occur in 
the liver, the enzyme arginase acts on 
the amino acid /-arginine (but not on 
the d-form) to produce /-ornithine and 


urea. 


BLUE TETRAHEDRA - CARBON 
RED BALLS - OXYGEN 
WHITE BALLS - HYDROGEN 


HYDROXYL GROUP 


An asymmetric carbon atom has a different atom or group attached to each of its four 
valency bonds. Lactic acid contains one asymmetric carbon atom and as will be seen 
from the models, the hydrogen (H-), Se (—OH), methyl (CH,-) and carboxy! 
(-COOH) groups can be arranged in two different ways around this central carbon 
atom. These two isomers, whose structures are mirror images of one another, rotate 
the plane of polarization of polarized light in different ways —i.e. they are optically 
active. 


1229 


ELECTRICITY 


5 CELL 


LEAD-ACID 
ACCUMULATOR 


LECLANCHE. 
CELL 


CENTRE-ZERO 
GALVANOMETER 


HE voltage or potential difference 
between two points in an electric 
circuit may be measured by a volt- 
meter. But although voltmeters are 
very convenient in use, they have one 
serious disadvantage in accurate work 
— they draw a small current from the 
main circuit. A better, though some- 
what more elaborate, apparatus, 
which measures voltage without draw- 
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ing a current from the circuit, is the 
potentiometer. 

The essential feature of a potentio- 
meter is a length of uniform resistance 
wire which is stretched across a board. 
An electric current from an accumu- 
lator or other fairly constant voltage 
source flows along this wire. Since the 
wire is uniform, it may be regarded as 
a number of equal resistances in series 


we 


2 - r= 
+ piney / I VARIABLE 


RESISTANCE 


A potentiometer is better than a voltmeter for 
measuring the e.m.f. of a cell —when the 
balance point has been found, no current is 
drawn from the cell. The variable resistance 
is used to alter the range and sensitivity of 
the apparatus. 


(equal length sections have equal 
resistance). 

For instance, a potentiometer wire 
one metre long consists of ten sections 
each ten centimeters long and each 
having a resistance of 7 the total 
resistance of the whole wire. When a 
steady current flows along the wire, 
the voltage drop or potential differ- 
ence across one section is zo that 
across the whole wire. The potential 
difference across two sections is ¥ the 
total and across three sections is io the 
total. 

The wire is, of course, continuous, 
so for this purpose may be divided into 
any convenient number of equal 
sections. The outcome of the reasoning 
will always be the same, namely that 
the potential difference across a cer- 


tain length of the wire is proportional 
to that length. Thus if the potential 
difference across one section is 0-6 
volts and across a larger section is 1-2 
volt, the second section is twice as 
long as the first. 

This may be shown experimentally 
by attaching one terminal of a volt- 
meter to one end of the potentiometer 
wire, while a tapping key is attached to 
the other terminal. By means of this 
key, electrical contact can be made at 
any point along the wire. As the key is 
moved further along the wire (away 
from the end to which the first terminal 
is attached), the reading on the volt- 
meter increases. In this instance, a 
small current flows from the main 
circuit into the voltmeter circuit. 

When the potentiometer wire is to 
be used in making measurements, a 
cell is inserted in the voltmeter circuit 
and the voltmeter replaced by a 
galvanometer, since the latter instru- 
ment is more sensitive in detecting 
small currents. The two current 
sources (the original accumulator and 
the new cell in the ‘voltmeter circuit’) 
are arranged so that the positive 
terminal of each is attached to the 
same end of the potentiometer wire. 

Provided that the total potential 
difference or voltage drop along the 
potentiometer wire is greater than the 
voltage of the cell in the voltmeter cir- 
cuit, a point can be found along the 
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Lead-acid accumulators maintain a fairly constant e.m.f. of 
2-1 volts per cell until almost completely discharged. They 
may, therefore, be used as a standard in potentiometer work 
if a high degree of accuracy is not required. This circuit may be 
used for comparing the e.m.f. of a cell with that of an accumu- 


lator. 


r 


POTENTIOMETER 
WIRE 


SATURATED SOLUTION 
OF CADMIUM: SULPHATE 


wire for which no current flows 
through the galvanometer. At this 
point, the potential difference (or dif- 
ference in electrical pressure) across 
that section of the potentiometer is 
equal in size to the pressure difference 
caused by the cell, but these two 
potential differences oppose each 
other. As a consequence no current 
flows through the galvanometer and 
so this gives a zero reading. However, 
if the tapping key is moved slightly to 
either side of this balance point, a small 
current flows through the meter. 

If the potential difference of a cell or 
other current source is to be measured, 
this is done by comparing its potential 
with that of a standard cell whose voltage 
is known accurately. The standard cell 
is put into the circuit first and by 
means of it the potentiometer wire is 
calibrated. As a consequence, it may 
be found that 1 cm. of the wire is 
equivalent to 0:031V. Then a new 
balance point is found using the cell of 
unknown voltage. A balance point at 
52°5 cm. indicates a voltage of 0°031 
* 52" 5.=' 1. 63V. 

The potentiometer is, essentially a 
device for comparing voltages. How- 
ever, as current, voltage and resistance 
are linked with one another in Ohm’s 
law, the potentiometer can also be 
used to compare currents and resist- 
ances. The method for doing this will 
be described in another article. 
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FAMOUS SCIENTISTS 


Alfred Russel Wallace 


"THE name of Darwin and evolution 

go hand in hand, but the first 
public announcement of the theory of 
natural selection was made not by 
Darwin alone but jointly with Alfred 
Russel Wallace. Though Darwin had 
conceived the idea of evolution 
through natural selection many years 
before, just prior to its publication, 
Wallace wrote to Darwin. In his letter 
he proposed a theory of evolution 
which coincided very closely with that 
of Darwin. So closely that Darwin, ina 
letter to Lyell, wrote... ‘if Wallace 
had my M.S. sketch written in 1842, 
he could not have made a better short 
abstract’. So in July 1858 Darwin and 
Wallace presented their papers jointly 
to the Linnean Society. 

Throughout his life Wallace con- 
tinued to support the theory of evolu- 
tion, though he differed with Darwin 
on certain points. He believed that the 
survival of the fittest was the most im- 
portant factor in the struggle for exis- 
tence; Darwin disagreed with this. He 
also stated that natural selection could 
not explain many of man’s charac- 
teristics — his intelligence, loss of hair, 
and the specialised development of 
the hand, for example. 

Wallace was born at Usk, in Mon- 
mouthshire, in 1823. Though trained 
as an architect and surveyor, he turned 
to natural history in his early twenties, 
and in this sphere his interest re- 
mained. He was a self-taught natural- 
ist and travelled extensively in South 
America and South-East Asia collect- 
ing specimens as he went. Whilst in 
South America with H. W. Bates, 
another British naturalist, he was 
intrigued by the striking similarity in 
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colour patterns that exist between i 
quite unrelated insects. He wrote at , 
length on such cases of mimicry. 

His greatest work is undoubtedly 
‘The Geographical Distribution of Ani- 
mals’ published in 1876. This is still 7 
regarded as an important work on the , z 
subject of zoogeography, and in this ; 
sphere of biology his name is perpetu- 
ated in ‘Wallace’s line’. This separates 
the Malay archipelago into two re- 
gions, each with its characteristic 
plants and animals. For example, to 
the east of the line, the marsupials 
(pouched mammals) and monotremes 
(egg-laying mammals) are the only 
native mammals found: to the west 
only placentals occur. This suggested 
to Wallace that the islands to the west 
were once joined to Asia and those to 
the east to Australia. The line that 
bears his name passes between Borneo 
and Celebes in the north and between 
the islands of Bali and Lombok in the 
south. 

Wallace’s active mind led him to 
investigate many subjects that are 
aspects of evolution. These included 
nest-building in birds — to what extent 
it is instinctive or intelligent — th 
significance of the marked difference®™ 
in colour between the sexes of birds of 
the same species, and man and his 
evolution. 

Towards the end of his life he was a 
firm opponent of the recently intro- 
duced practice of vaccination and he 
became a confirmed spiritualist. He 
was always ready to point out the 
major part that Darwin played in 
formulating the theory of evolution, 
which both men had created inde- 
pendently. Wallace died in 1913. 


CLADONIA COCCIFERA 
WITH RED SPORE CUPS 


HE often brightly-coloured en- 
crustations of lichens (pronoun- 
ced like-ens or occasionally litch-ens) 
are found almost everywhere. Tree- 
trunks, bare rock faces and burnt 
ground are typical habitats. The main 
enemy of lichens appears to be air- 
pollution and they are rare in large 
towns. Lichens clothe much of the 
tundra regions and reach right to the 
edges of the permanent snow-fields. 
Other species grow in the hottest 
desert regions where nothing else 
could survive. Lichens can survive 
greater changes of temperature and 
humidity than any other form of life. 
The ability to do this is tied up with 
the fact that lichens are not simple 
plants: each one is an intimate associa- 
tion between a fungus and an alga. 
The dual nature of lichens was first 
realised in 1867 by a Swiss naturalist 
called Schwendener. The fungus is 
usually one of the sac-fungi (Ascomy- 
cetes) that produce spores in closed 
sacs. ‘The alga is either a green or a 
blue-green species. Many of the algae 


A SPECIES OF PELTIGERA 
(A FOLIOSE LICHEN) 


LICHENS 


Two Piants in One 


can, and do, exist separately in Nature, 
but the fungi have never been found 
alone. 

The fungus is the major partner 
and its interwoven threads control the 
form of the lichen. This may be en- 
crusting (crustose), leaf-like (foliose), or 
branched (fruticose). The algae may be 
scattered throughout the lichen or 
restricted to certain zones. In either 
case they are in close contact with the 
fungal threads. The latter absorb 
moisture whenever the air is damp 
and can retain it during dry periods. 
The fungal threads also release various 
acids which attack the rock or soil and 
produce mineral salts. The algae are 
thus provided with water and mineral 
salts. From these and from the carbon 
dioxide of the air they can manu- 
facture organic substances by photo- 
synthesis. Some of this organic material 
is used up by the fungus. Thus, in 
return for shelter, the alga provides 
the fungus with food. This type of 
mutual association is called symbiosis 
but in the case of lichens the fungus 


A SPECIES OF CANDELARIELLA 
(A CRUSTOSE LICHEN) 


CLADONIA IMPEXA 
(A FRUTICOSE LICHEN) 


often takes more than it gives and is 
almost a parasite. 

The growth processes of lichens are 
very slow, for the harsh conditions in 
which many of them live provide only 
limited supplies of water and mineral 
salts. Lichen colonies are very long- 
lived too, almost eternal. The rate of 
growth, although very slow, is quite 
constant and this fact has been used to 
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Section of a lichen shows the algae among 
the fungal threads. In some species the 
algae are more scattered. 


estimate minimum ages of material left 
by glaciers, ancient monuments and 
other objects. 

Lichens are of great importance in 
soil formation. By breaking down the 
rock surfaces they pave the way for 
mosses and higher plants. In cold 
regions like the tundra they are im- 
portant as food for animals such as 
reindeer and caribou. The Reindeer 
moss of Lapland is a fruticose lichen of 
the genus Cladonza. In the past, lichens 
have been a valuable source of per- 
manent dyes but this industry has 
been replaced by the synthetic dyes. 
Litmus, the indicator used to show 
acidity or alkalinity in the chemistry 
laboratory, was originally obtained 
from a lichen. 
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TECHNOLOGY | 


Photofinish 


FTEN in racing, when the finish 
is Close, the judges cannot decide 
definitely which competitor was first 
past the post. Although they sit at the 
finishing post, two or more runners 
may appear to them to cross the line 
at the same time, and the human eye 
cannot retain an accurate image of 
such a brief moment in time. To help 
the judges in their decision, a very 
ingenious photographic device is some- 
times used. A single still photograph 
could be taken, and with a suitable 
triggering device expose the film. 
This could help decide the first place. 
However, this would not be very 
useful for deciding second and third 
places. 

Alternatively a cine film could be 
used, but many feet of film would 
need to be developed, and studied. 
This would delay the decision. In 
fact, neither of these forms of photo- 
graphy is adapted to photofinishes. 
Instead, a continuous photograph is 
taken of just the thin strip a few 
inches wide immediately beyond the 
finishing line. 

The field of view is restricted to 
this strip by a very narrow vertical 
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slit between the lens and the film. 
Imagine looking at the finish of a 
horse race through such a slit. First 
the horse’s nose, then its head and 
neck, would appear, followed by its 
forequarters until the whole horse had 
passed. In a photofinish camera the 
retina of the eye is replaced by a film 
moving at exactly the same speed as 
the image of the horse. A complete 
photograph of the horse is thus ob- 
tained, each part as it crosses the 
finishing line. Similarly, if the film 
continued to run, an image of all the 
other horses would appear on the film 
one behind the other in the order they 
arrived at the line. The ‘distance’ 


between each horse on the photo- 


graph is not really a distance at all, 
but represents the time between each 
horse. 

The camera is usually housed in a 
small room just above the judges’ box. 
The film is fed at a steady speed 
through the camera, proportional to 
the estimated speed of the runners. 
The film speed need not be precisely 
correct. If it is too slow, the image will 
be slightly foreshortened. If it is too 
fast it will be lengthened, but the 
speed can be estimated quite ac- 
curately enough, and in any case any 
such distortion does not affect the 
validity of the photograph. The film 
used is specially hardened to allow for 
very fast developing and fixing at a 
temperature of 110°F instead of the 
usual 60° or 65°F. For a quick de- 
cision, the judges usually examine a 
projected negative photograph. This 
can be shown to them within 20 
seconds of the end of the race. 

Because the camera is placed quite 
high above the ground, it is not easy 
for one runner to be hidden behind 
another but this does sometimes hap- 
pen on a wide track at the side farthest 
from the camera. To counter this, a 
second camera, placed immediately 
above the first, takes a similar photo- 
graph of the far side only and also an 
image in a mirror, placed opposite the 
camera. Thus any runner hidden, or 
partially hidden behind another can 


The Photofinish camera looks down across 
the finishing line. As each horse crosses the 
line its image is recorded on to the moving 
tlm. 
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be seen clearly in the mirror image. 
Also on the far side of the track, 
beneath the mirror is a device called 
the ‘spinner’. This is a metal cylinder 
on which are clipped tags bearing the 
name of the race-course, the date and 
the race number. The cylinder re- 
volves in the same direction and at the 
same speed as the race competitors, 
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stop watch. 

A very accurate electric clock, 
controlled by a quartz crystal oscil- 
lator is used. Instead of hands, the 
clock, or time band has numbers 
only, like those clocks seen on some 
railway stations, or like the mileometer 
of a car. Every 4 of a second an 
image of the time band is projected 


A Photofinish camera, complete with the power pack for converting 
electricity from whatever mains or generator available, and also the 
quartz-controlled oscillator for operating the accurate timing clock 


on the camera. 


and so appears clearly several times on 
each photograph which is thus auto- 
matically labelled. 

Modern photofinish cameras have a 
further refinement added to them. If 
the precise units of time were to be 
marked along the film, then it would 
be easy to see exactly how long not 
only the winners but all the ‘also 
rans’ took. This is usually done with a 


Ordinary cameras takea picture over 
quite a wide area. A lens focuses an 
image of the subject on to the light 
sensitive film contained within the 
camera. 


A Photofinish of a race at Ascot, showing 
five horses and their reflection in the marror. 
Without the mirror it would be impossible 
to determine which horse came third. The 
spinner has automatically labelled the 
photograph as Race No. 3 at Ascot and the 
date 23.9.54. 


on to the film as it passes through 
the camera. A switch, attached to the 
starting gate or gun, is used to start 
the clock at exactly the same time as 
the competitors start their race. 
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In this Photofinish of an athletic event, the 
‘time-band’ along the bottom of the photo- 
graph gives the exact time of all four 
runners as they cross the line. The winner 
took 14°36 seconds and the fourth man 
14°60 seconds. 


A shutter closes the lens and pre- 
vents any light from falling on the 
film, except for the very brief time 
(usually between |/25th and 1/200th of 
a second) required for the image to be 
formed on the film. 

In the photofinish camera, the 
shutter is replaced by a vertical slit 
about 10 thousandths of an inch wide. 
The film moves at a steady speed past 
the slit, which does not have to be 
opened or shut. 
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ONG ago when the Saxon miners stumbled upon nickel 
ore, they mistakenly thought it to be that of copper 

and were disgusted with the hard white useless metal they 
got from it. It was far too hard to hammer into shape and 
they could do nothing with it. Old Nick, the devil, had put 
a curse on the mine and the metal came to be called nickel. 
The curse has long since lifted, for nickel is now a valu- 
able commodity with an annual world production of 
approximately 280,000 tons. About one third of this is used 
in making stainless steels. It also finds use in many other 
alloys because of the strength and toughness, heat and 
corrosion resistance which it imparts to them. Some of 
these, the cupro-nickels, alloys of copper and nickel, are 
used in the condenser tubes of ships because of their 


ING THE 
ELEMENTS EXTRACTED FROM 
THE SUDBURY ORES 


Enlarged cross section of a piece of Sudbury ore. The 14 elements 
marked on the periodic table are all found in the ore. 


resistance to corrosion by sea water. Exhaust steam is 
condensed in these tubes before being returned to the 
boilers. Nickel plating is also of great importance. Here, a 
protective layer of nickel acts as an undercoat for the very 
thin outer cover of chromium. 

Much of the nickel produced in the world comes from 
the vast mines of Sudbury in Canada. The nickel is 
never found alone. It is far too sociable and always has a 
crowd of other elements living with it. Most of these are 
neighbours on the periodic table. Apart from nickel, a 
piece of Sudbury ore contains other metals, sulphur and 
rock; copper and iron in quite high proportions and small 
traces of metals including platinum, silver and gold. 

The ore is not an even mixture of all these substances, but 
consists of crystals of impure nickel sulphide. iron sulphide 


The cascading 4-inch diameter rods in this rod mill grind the 
crushed ore to a pulp. 


1236 


NICKEL 


and copper sulphide embedded in rock. When the ore is 
crushed, it shatters at the boundaries between crystals, 
and the crystals separate, one from another. 

The first stage in separating the nickel from the rest is 
mechanical. The ore is crushed, mixed with water and 
bombarded by tumbling metal rods in a rod mill until it is a 
fine grit. Later, in a ball mill, it is bombarded to a fine 
slurry. The slurry is now a mixture of different types of 
crystal. 

The tiny crystals are separated into fractions by 
flotation. Certain chemicals are added to water to make it 
froth more easily and to make the nickel and copper 
sulphides attractive to air bubbles and the iron sulphide 
repulsive to them. When air is blown in at the bottom of the 
tanks the copper and nickel sulphides rise to the top in a 
froth of glistening bubbles and the iron sulphide sinks. 
After skimming off, the copper ore is further separated 
from the nickel ore again by flotation, only this time 
different chemicals are used so that the nickel sinks and 
the copper rises. The separated ore goes to settling tanks 
where it collects as a sludge at the bottom of the tanks. 
A vacuum filter finally removes the water from the sludge, 
completing the initial separation. 

To obtain pure nickel, the sulphur must be removed 
and also any remaining copper, iron and rock still con- 
taminating it. 

As it is impossible to remove the sulphur all at once, it is 
removed in several carefully regulated steps taking out a 
little at a time. 

First the ore concentrate is mixed with special grade 
sand and roasted in a multiple-hearth furnace. This consists 
of several compartments one above another, each one 
hotter than the one above. The charge moves slowly 
down the furnace and when it grows hot enough it ignites. 
The sulphur combines with the iron and burns off as 
sulphur dioxide, leaving iron oxide behind. The charge is 
removed before very much of the sulphur combined with 
the nickel has a chance to burn off. As iron oxide can be 
removed as a slag, this has paved the way for the removal 
of the iron in the next stage. 

Separation of the ore by flotation. Some crystals sink and some rise 


to the top in a froth of bubbles. 
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The extraction of nickel from its ore. 

The majority of iron oxide is removed in a reverbatory 
furnace. The glowing mass from the hearth is heated by 
burning gusts of powdered coal. The temperature rises as 
the heat rebounds from the walls and is not allowed to 
escape. The charge melts and the iron oxide forms a slag 
with the molten sand. The slag is not very dense and 
floats to the top in the same way that oil floats on water, 
so it can be separated by tapping off. Then the matte of 
molten nickel and sulphur can also be run off. 

Huge ladles carry the molten matte to converters where 
the sulphur is driven off as sulphur dioxide and the re- 
maining iron is removed in a slag. Quartz sand is added. 
The converting process is somewhat like the Bessemer 
process used in steelmaking. Cold air under low pressure 
is blown in at the side of the cylinder-shaped vessel and 
rushes and roars its way up through the molten matte, 
oxidising sulphur to sulphur dioxide and metallic iron to 
iron oxides, while the converter spits forth showers of 
flames. The ‘blow’ is allowed to continue until there is not 
quite enough sulphur present to combine with all the 


Maite from the converter is slowly cooled in moulds to form 
ingots. 
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nickel and copper. The air supply is stopped and the 
converter is tilted to first pour off the slag and then the 
matte. 

The liquid matte is poured into cooling moulds lined 
with insulating bricks and then covered with insulating 
lids. In these moulds the cooling is very slow indeed. 
Crystals of copper sulphide form and grow, then crystals 
of an alloy of copper and nickel; because, locally, there was 
not enough sulphur present to combine with all the metal. 

Finally, nickel sulphide crystals grow. The cooling is 
kept slow to give the various parts of the matte time to 
separate completely. 

When an ingot has formed it will shatter at the boundar- 
ies between the various crystals, enabling the different 
crystals to be separated in a similar fashion to the first 
stage of the extraction. The ingots are passed through 
crushers, and rod and ball mills reduce them to a slurry. 
The crystals of alloy are magnetic and are separated out 
using a magnetic belt conveyor. Just as before, the two 
remaining types of crystal are separated by flotation. 


Enlargement of a cross section of a piece of ingot. 
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Then, the small amount of copper-nickel alloy with its 
charge of precious metals goes to the precious metal 


refinery, and the copper sulphide to the copper plant. 


The impure nickel concentrate has its sulphur finally 
removed by a fluid-bed calcining process. In this a layer of 
sulphide about four feet thick is placed on a fine grid at the 
bottom of a cylindrical column. Hot air is blown up 
through the grid, lifting the bed of sulphide until it is a 
fluid mass supported by the rising air. At this stage the 
bed is about twelve feet deep. Each of the particles is 
completely separated from its neighbours and is rapidly 
converted to oxide by the surrounding hot air, the process 
generating its own heat. The sulphur is carried off as 
sulphur dioxide, and the particles become nickel oxide 
calcine. 

Some of this calcine is used for making steels and other 
alloys but most of it is transported away from the mines for 
refining into very pure nickel. 

There are two alternative methods of doing this. Where 
there is a plentiful supply of cheap electricity, electrolysis 
is preferred. The other method is the nickel carbonyl process. 
Electrolytic refining 

The starting material is sometimes nickel oxide calcine 
which is reduced in a furnace to crude metallic nickel and 
then cast into anode shapes. But the latest method uses the 
nickel sulphide from the slow cooling and flotation process 
as its starting material. The nickel sulphide is melted and 
cast directly into a sulphide anode shape, so avoiding the 
calcining and reduction processes. 

The anodes (either sulphide or metallic anodes) are 
connected to a generator of direct current; so are the thin 
pure nickel cathodes. They are placed alternately in a 
solution of nickel salts. Nickel leaves the anodes and 
deposits itself on the cathodes. The other metals do not. 

Unfortunately the situation is not quite so simple for 
when a high enough e.m.f. is used to plate the nickel, 
other metals such as copper and iron plate too. An unusual 


Volatilizers in which nickel is carried off by carbon monoxide as 
nickel carbonyl gas. The impurities in the nickel are left behind. 
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twist is given to the system to prevent impurities from 
plating-out. The cathode is placed inside a canvas box 
immersed in the electrolyte. Electrolyte surrounding the 
anode is continuously pumped away to a purification 
plant where the unwanted metal ions (and sulphur if 
sulphide anodes are used) are removed from the solution 
by purely chemical means. The metals are taken out of 
solution as precipitates and the solids are simply filtered 
out. The purified electrolyte is pumped into the canvas 
box surrounding the cathode, but at an increased pressure 
so that the liquid level in the box is higher than that 
surrounding it. Liquid is therefore continuously forcing its 
way out through the pores in the box, so preventing the 
outer impure liquid from seeping in to reach the cathode. 
As nickel ions are the only metallic ions present they are 
the only ones to be plated. The resulting cathode nickel is 
99° 9% pure. 

The Carbonyl Process 

This is based on the discovery by Dr. Ludwig Mond that 
at a temperature of 40—50°C nickel will combine with 
carbon monoxide gas to form another gas, nickel carbonyl. 

Ni + 4CO -—+Ni(CO), 
nickel carbon nickel 
monoxide carbonyl 
When this gas is more strongly heated, it splits up again 
into nickel and carbon monoxide gas. 
Ni(CO),—>» Ni + 4CO 
nickel nickel carbon 
carbonyl monoxide 
Furthermore, nickel is the only metal which will do this at 
these temperatures and atmospheric pressure. 

The starting point is the conversion of the nickel oxide 
calcine to metallic nickel by completely reducing it with 
water gas. (A mixture of hydrogen and carbon monoxide). 
The hydrogen removes the oxygen to form water, leaving 
behind the uncombined nickel. 


The impure nickel forms nickel carbonyl in towers called 
volatilizers. The powder takes a downward path through 
the tower while the carbon monoxide blown upwards 
carries off the nickel as gaseous nickel carbonyl. As heat is 
given out by this reaction, the vessel is water cooled to 
ensure that the right temperature is maintained. The 
impurities are left behind as solids as they cannot become 
gases. 

The carbonyl gas from the volatilizer passes into a 
decomposer and in its hot interior decomposes, depositing its 
nickel onto small nickel pellets which gradually grow as 
they circulate through and through the decomposer. The 
carbon monoxide released is returned to the volatilizer to 
make more nickel carbonyl gas. Once more, nickel of high 
purity has been made. 
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Synthetic Dye Industry 


number of important discoveries have been made by 
accident. Many experiments must have been dis- 
carded when they went wrong, but a few apparent 
failures have become the starting points for major advances. 
Anyone can make a mistake, but it takes an exceptional 
mind to realize the full significance of an unusual result 
and to develop it successfully. 

It was in such circumstances that the young William 
Perkin made the first synthetic dye in 1856. At the time he 
was still a student, but so great was his enthusiasm for 
chemistry that he had a small laboratory at his home. 

One day he set out to make the drug quinine by the 
action of an oxidizing agent on allyl toluidine, an aromatic 
compound with an amino (— NH,) group attached to the 
benzene ring. It is not really surprising that he did not 
succeed since it is now known that these two compounds 
are not related structurally. 

Although he failed to synthesize quinine, Perkin did 
obtain a red-brown precipitate. He was sufficiently 
interested in this product to repeat the experiment using 
a simpler aromatic amine. He obtained a black precipitate 
by the action of potassium dichromate (a powerful oxidiz- 
ing agent) on aniline sulphate. From the precipitate he 
separated a small quantity of a mauve substance which he 
examined further. It had all the properties of a dye and, of 
even greater importance, it was unaffected by strong sun- 
light. (At that time almost all dyes were of animal or 
vegetable origin and no mauve dye was ‘fast’ to sunlight). 

Several dyers became interested in his discovery so he 
set out to make this mauve dye in commercial quantities. 
He was fortunate in having the assistance of his father and 
brother in this venture and in June 1857 work started on 
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the erection of a factory at Greenford in Middlesex. While 
the building operation continued, Perkin was busy 
‘scaling-up’ his process. 

Thus, at the age of nineteen he had laid the foundation 
of a whole new industry — the coal-tar dye industry, so 
named because the raw materials are extracted from coal- 
tar. Perkin continued his experiments in search of other 
dyes and by 1869 had developed the first commercial pro- 
cess for making artificial alizarin. Alizarin, a red dye, had 
previously been extracted from the root of a plant Rubia 
tinctorum. 

William Henry Perkin was born in London in 1838. He 
was a pupil at the City of London School before he 
entered the Royal College of Chemistry in 1853 to study 
under August Wilhelm von Hofmann. 

The dye making business was so successful that Perkin 
was able to sell the factory in 1874, so that he could devote 
all his time to research. As well as synthesizing a number 
of dyes, he developed a method of making unsaturated 
aromatic acids (i.e. aromatic acids with a double bond in 
the side chain). He was also the first person to synthesize 
the perfume coumarin. 

Perkin was awarded both the Royal and the Davy 
Medals of the Royal Society. Shortly before his death in 
1907, he was knighted. 


The Perkin Reaction is used for preparing unsaturated aromatic acids from the corresponding aromatic aldehyde and the anhydride of the 
aliphatic acid. The equation for the formation of cinnamic acid from benzaldehyde and acetic anhydride is shown here. 


H 

ie fo} ie a 
ri | 
H 


C ——— C 


| 


ee 
a Oe ree 


REACTION CARRIED OUT AT 
150°C IN PRESENCE OF 


aes — i beats ‘9 SODIUM ACETATE 
| | 
—c—Cc me H ° 
ou Ls ie 
+ H—c—cC 
| =e 
OH 
H 
CINNAMI ACETIC 
ra gl ACID . ACID 


1239 


| APPLIED SCIENCE | 


Artificial GEMS 


ARTIFICIAL gems can be divided 

into three classes, imitation stones, 
doublets and synthetics, according to 
the way they are made. In imitation 
stones the colour and appearance of 
a true gem is imitated. They are 
usually made of a special glass (paste). 
They can be cut from any easily 
coloured material which is mouldable 
and cheap. A doublet is made of a 
crown of real gem-stone cemented on 
to a lower half of inferior quality to 
look like one stone. Synthetics are real 
gems made artificially in a laboratory. 
Diamond and ruby are among the 
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To manufacture synthetic rubies, alumina 
powder is fed through a sieve into a oxy- 
hydrogen blowpipe. A succession of rapid 
taps by the automatic hammer ensures a 


regular feed of powder. 


commonest synthetics produced com- 
mercially. Although synthetic gems 
are almost identical to the real thing, 
they can never command the same 
price as naturally mined stones. 
Imitation Stones 

Good paste must have a pure con- 
stitution. It is often made of pure 
silica, potassium or sodium carbonate, 
and red lead in varying proportions. 
The ingredients are powdered, mixed, 
and, together with a borax flux, are 
fused in a crucible by heating. The 
melt must be carefully cooled to avoid 
the inclusion of air bubbles. Various 
metallic oxides are added to give the 
desired colour; cobalt oxide for blue, 
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cupric oxide or chromic oxide for 
green, and manganese oxide for violet. 
However, the colour seldom matches 
the colour of the real stone. Glassy 
pastes are made of optical glass with 
thallium oxide and a colouring agent 
added. 

Imitations can be distinguished from 
real gems quite easily. A practiced eye 
can see if the imitation paste is not of 
the right colour, as is usually the case. 
Pastes are warmer to the touch than 
real stones, because of their lower 
thermal conductivity (ability to conduct 
heat). They can also be easily 
scratched with a file. A strong lens or 
microscope will reveal air bubbles in 
the material. The refractive index of 
pastes and real gems are different 
(refractive index is a measure of the 
amount light is bent when entering the 
substance). Real gems are frequently 
doubly refracting; that is, two images 
will appear of an object seen through 
such a gem. Pastes, on the other hand, 
are singly refractive; that is, only one 
image is seen of an object. 

Using such tests, an expert cannot 
only recognise a paste imitation, but 
can even tell in which factory it was 
made. 

Doublets and Triplets 

A doublet is a two-layer stone, with 
a crown of real gem and lower half of 
an imitation stone or a flawed real 
gem. A three-layer sandwich can also 
be manufactured, and is called a 
triplet. In a doublet, the lower half 
is joined to the crown by some suitable 
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bonding material and the join is 
hidden when the doublet is mounted 
in jewellery. With diamonds the crown 
consists of a very thin wafer of diamond 
and the base of white zircon or rock 


crystal. However, such a doublet has 
no ‘fire’ — the sparkle seen in diamond 
stones that have been well cut and set. 
The commonest doublets consist of a 
thin slice of the stone almadine to which 
is fused a glass back of the appropriate 
colour for ruby, sapphire, or emerald. 
A triplet has a third, lower layer of 
real stone so that it has hard top and 
bottom layers. This type of artificial 
gem was invented in 1845 by the 
Frenchman Cartier. 

Synthetics 

Because synthesising is expensive, 
the only gems that have been arti- 
ficially made in quantity are the 
valuable ones, such as diamond, sap- 
phire, ruby, spinel and emerald. 

Of all gems, diamond is the simplest 
in composition. It is merely crystal- 
lized carbon, of density 3-5. Graphite 
is also carbon, but of density 2:2. The 
problems of making diamonds in the 
laboratory are tremendous. Graphite 
is believed to melt at 3,500°C. But 
if a diamond is heated at ordinary 
atmospheric pressure to above 1,200°C 
then it turns black: in fact, it turns to 
graphite. But if the graphite can be 
kept at a very high pressure and 
heated strongly enough, then dia- 
monds might be formed. 

One of the first attempts to make 
diamond in this way was carried out 
by Henri Moissan, and depended on 
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A bank of Verneuil ‘chalumeaux’ in use, showing the formation of boules of synthetic 


corundum. 


the enormous pressures set up in iron 
when it solidifies. Moissan heated a 
crucible containing pure iron packed 
with charcoal in an electric furnace 
to 4,000°C. The crucible was plunged 
into cold water. The outside of the 
iron froze solid, enclosing within it 
a mass of molten iron. The inner 
molten iron tried to expand on solidi- 
fying but could not because of the 
solid outer shell holding it in. So a very 
high pressure developed in the iron, 
thus forming crystals of diamond in 
the graphite. Moissan and _ other 
workers also found small diamonds in 
the meteoric iron formed in meteors 
which landed in Arizona. These dia- 
monds were probably created under 
pressure as in Moissan’s experiment. 

Today, a high temperature press is 
used to make synthetic diamonds. The 
press is capable of holding pressures 
up to 100,000 atmospheres at tem- 
peratures of more than 3,000°C for 
some hours. Graphite, enclosed in a 
cylinder of high melting point metal, 
such as tantalum, is put in the press. 
At that high temperature the molten 
tantalum and the graphite interact at 
their interface (surface where they 
meet). As a result, a thin layer of 
metallic carbide forms on the metal, 
in this case tantalum carbide. At the 
same time, for reasons not clearly 
understood, some of the graphite in 


contact with the tantalum carbide 
changes into diamond. Such dia- 
monds form in a matter of minutes, 
and they are less than -3 th of an inch 
long. X-ray tests have shown that these 
synthetic diamonds are true diamond. 
But they are impure, since they trap 
some tantalum carbide within them. 
It is this which gives them a dirty 
green colour. 

After diamond in hardness come 
ruby and sapphire. While diamond is 
composed of pure carbon, ruby and 
sapphire are differently coloured forms 
of aluminium oxide. Rubies are made 
commercially by the Verneuil flame 
Juston method, named after its inventor. 
In this method, a blowpipe burning 
oxygen and hydrogen is directed 
downwards on to a little rotating table. 
Powdered alumina and a colouring 
agent, (such as chromic sulphate when 
rubies are made) are fed down through 
the blowpipe. The powder is carried 
by the gases into the flame, where it is 
fused at 2,000°C and falls as a globule. 
The globules fall on to the table and 
collect in a so-called boule, (a French 
word meaning ball). The boule is 
cooled slowly and evenly in a furnace 
to avoid strains, These boules may 
weigh 30 carats (A carat is the jewellers’ 
measure of weight, equal to —- th 
gram.) 

Synthetic rubies have the same 
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hardness as true ruby, but they nearly 
always contain air bubbles. Synthetic 
sapphire is made in exactly the same 
way, with various colouring agents 
including titanium oxide to give blue, 
ammonium alum for white, and vana- 
dium oxide for green sapphire. Oddly 
enough, synthetic sapphire is purer 
than the natural gem. How synthetic 
emerald is made is a closely guarded 
secret. The process is probably of the 
fusion melt kind, carried out in the 
presence of water vapour. 
Use of Synthetics 

Synthetic diamonds are made in 
small particles or as a dust, and so are 
only suitable for industrial applica- 
tions like polishing and grinding. The 
diamond dust is bonded to a polishing 
wheel much as sand paper is made. 
Gramophone needles are nowadays 
made out of synthetic diamonds or, in 
the cheaper versions, out of sapphire. 
Sapphire injection orifices in oil-fired 
furnaces maintain their size in spite of 
excessive heating, and stand up to 
wear well. For similar reasons ball 
point pens often have sapphire balls. 

Sapphire’s high melting point ren- 
ders it suitable for heat resistant 


windows in furnaces. And because it 
transmits ultra-violet light and infra- 


A precision tool for polishing diamonds. 
The polishing wheel 1s made of cast iron 
and diamond dust is used as the abrasive. 
The diamond is gripped in a'metal ‘drop’. 


red (heat) radiation it is often used in 
optical systems. Sapphire also resists 
corrosion by acids and alkalis. Sap- 
phire is sometimes replaced by syn- 
thetic ruby, which, although harder 
to grow, is easier to handle. For this 
reason, watch bearings are usually 
made of ruby. 
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Picking Turkish tobacco leaf by leaf. 
Oriental tobaccos are not topped (i.e. the 
flower shoots are left on the plant). 


"THE Spanish explorers of the 15th 
and 16th centuries brought the 
Potato from America to Europe and it 
has since been adopted as food in 
many parts of the world. Another 
plant that they brought back, al- 
though not a food, spread even more 
rapidly. This plant was Tobacco. It is, 
at present, used in ever-increasing 
quantities in cigarettes and cigars, for 
pipe-smoking and as snuff. 
Many species of tobacco plant are 


known but the two main sources of the 
commercial product are Nicotiana taba- 
cum and N. rustica which originate from 
South and Central America. The 
generic name Nicotiana commemorates 
Jean Nicot, the French ambassador to 
Portugal who gave tobacco to the 
French Royal Family and recom- 
mended it as a curative substance. 
Tobacco became a popular ‘remedy’ 
for many ailments during the 16th 
century but its history goes back long 
before this. The ancient Indians of 
America — the Mayas, Incas and Az- 
tecs—all used tobacco in religious 
ceremonies and sometimes medicinal- 
ly. The Plains Indians further north 
adopted the habit into their cere- 
monies: the smoking of ‘Peace Pipes’ 
became an important part of their 
culture. By 1600, tobacco-smoking for 
pleasure was spreading rapidly and 
has continued to do so ever since in 
spite of severe criticism. In 1961 
Britain alone imported more than one 
hundred million pounds’ worth of 
tobacco in one form or another. 
Tobacco plants grow best in sub- 
tropical and temperate regions. The 
U.S.A. is by far the largest producer 
with production centred in the south 
eastern states. Other important re- 
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gions are Canada, Rhodesia, India, 
the West Indies, Brazil, Turkey and 
Greece. The plants are very sensitive 
to soil conditions and to climate and a 
given sample of seed may produce 
tobacco of very different qualities if 
grown in two different areas. There 
are thus many varieties of the product, 
differing in flavour, colour, texture, 
etc. The lighter tobaccos are used 
mainly for cigarettes while the darker, 
stronger varieties go to make up pipe 
tobacco, and cigars. 


Cultivation 


Tobacco seeds are extremely minute 
and are normally sown in early spring 
infinely prepared seed-beds which have 
been carefully treated to kill soil-living 
pests. The young plants are planted 
out in rows on slight ridges. Details of 
cultivation vary with the type of 
plant and the growing area. Plant 
leaves are the ‘food-factories’ of the 
plant and pass on the food to other 
parts including the fruit and flowers. 
The leaves are the required part of the 
tobacco plant and so the grower must 
remove the flower and keep on re- 
moving the side shoots in order to 
obtain large, good quality leaves. Ten 
to twenty leaves is the usual number 


Sun-curing tobacco in Rhodesia. The partly withered leaf is hung on frames and put out in 
the sun where it gradually assumes a reddish colour. The polythene sheeting 1s a safeguard 


against rain. 


left on each plant. Smaller-leaved 
varieties (e.g. Turkish) are not always 
topped. The flowering shoots first 
appear about two months after 
planting and shortly after this time the 
leaves begin to ripen. The first leaves to 
ripen are those at the bottom of the 
plant. The dark green colour fades 
and the mature leaves are yellowish- 
green. They are then ready for har- 
vesting. Mature Virginia tobacco 
leaves may be two feet or more long. 

The exact time of harvesting de- 
pends upon the variety of tobacco, 
and the curing process to be em- 
ployed. An_ experienced grower 
knows just when to pick the leaves 
to get the best results. Two harvesting 
methods are in use. In some cases the 
whole stem—which may be from 
three to six feet high — is cut, but the 
more usual method is to pick the 
leaves as they mature. This method, 
known as priming, necessitates perhaps 
six visits to each plant but it ensures 
that each leaf is picked at the same 
stage of maturity. A tobacco of uni- 
form flavour and quality can then be 
obtained. 


Curing the Tobacco 


When the leaves are harvested they 
contain a high proportion of moisture 
and are unsuitable for smoking. They 
must be cured immediately. Curing 
involves drying the leaf to preserve it 
and make it suitable for the manu- 
facturing processes. Various chemical 
changes take place during the process. 
Flue-curing is the method used for 
curing Virginia tobacco which is the 
type of tobacco most widely used for 
cigarettes and for some pipe tobaccos 
in the United Kingdom. 

The harvested leaves are tied in 
small bunches and attached to long 
sticks. These are then placed in racks 
in the curing barns. The barns are 
made of brick or wood and are floored 
with iron flues connected with large 
fires. The flues heat up the barns but 
no smoke is allowed to come into con- 
tact with the leaves. For the first 

_twenty-four to thirty-six hours the 
temperature is raised gradually from 
about 80° to 120°F. 

The leaf is then golden yellow or 
orange. Plenty of ventilation is given 
and the temperature is raised to about 


Flue-cured Virginia tobacco is a golden 
yellow or orange. Use of oil-fired and 
electric heating 1s increasing for heating up 
the curing barns. Here, a worker 1s 
regulating the temperature. 


140°F during the next eighteen hours. 
This ‘fixes’ the colour and then, with 
ventilators closed, the leaf is com- 
pletely dried by raising the tempera- 
ture to 170°F in the next six hours, 
Flue-curing is suitable only for primed 
tobacco, not for curing complete stems 
where the leaves are at various stages 
of ripeness. 

Air-curing is the oldest curing 
method and can be used for primed 
leaves or whole plants. The tobacco 
is strung up in barns and subjected to 
a stream of air. The curing process 
may take two or three months and 
great care has to be taken to regulate 
the moisture content of the air. 
Tobaccos cured in this way, including 
most cigar tobaccos, have a reddish- 
brown colour. 

Sun-curing also produces a reddish- 
brown leaf, somewhat sweeter than 
air-cured tobacco. The leaves are 
wilted and then exposed to the sun 


until thoroughly dried and cured: The 
process takes some four to six weeks 
generally. Most Turkish tobaccos 
grown in Eastern Europe are cured in 
this way. 

Fire-curing, in which smoke comes 
into contact with the leaves, is not 
used on a large scale. The tobacco is 
yellowed for a few days and then the 
fires are lit. Fire-cured tobacco has a 
dark colour and strong flavour when 
cured. The time required depends 
upon the fuel used (various woods) 
and the amount of smoke produced. 

When thoroughly cured, the leaves 
are brittle and easily damaged. Before 
they can be handled they must be 
exposed to the atmosphere or to steam 
and allowed to absorb moisture. This 


Stringing oriental tobacco leaves. The 
strings are then put onto frames ready for 
the curing process. 


is known as conditioning. When the 
leaves have taken up condition and are 
supple again they are graded ready for 
marketing. Trading systems vary in 
different countries. Greece sells her 
tobacco by fixed trade agreements but 
in Rhodesia and the U.S.A., among 
others, tobacco is sold at auctions. 
When sold, the tobacco is again dried, 
and packed for transit to the buyer’s 
country, where it will be processed for 
smoking. 
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The Ist Law of THERMODYNAMICS 


ONE of the fundamental laws of physics is that ‘you 
cannot get something for nothing’. For example, a 
petrol engine will refuse to function if the petrol tank has 
run dry. Before the engine can give mechanical energy to the 
car, it must be given at least as much energy of a different 
kind — the chemical energy bound up in the petrol fuel. 
This law works both ways. We cannot get nothing at all 
from something. If the mixture of petrol vapour and air in 
the engine cylinders is ignited, then it is impossible for 
there to be no energy at all coming out of the engine. Not 
all of the outcoming energy is the kind of energy wanted — 
mechanical energy to move the car. Much of it is converted 
into heat, and wasted. But, whether it is wasted heat, or 
useful mechanical energy, the total amount of energy is 
exactly the same as the amount of energy released. None 
of it can ever be lost. 
This law is known as the Law of Conservation of 
Energy — energy can be neither created nor destroyed. It 


In a petrol engine, heat energy becomes mechanical energy. 


is also an integral part of a law known as the FIRST Law of 
Thermodynamics. 

Thermodynamics is the branch of physics which deals, 
among other things, with the movement of heat from one 
place to another, and the conversion of heat energy into 
other forms of energy. 

In addition to saying that energy is conserved, the 
First Law defines ‘heat energy’ and ‘mechanical energy’. 
It might seem obvious that mechanical energy is the kind 
of ‘energy of motion’ possessed by any moving object, 
while heat energy is something that makes things hotter. 
Often, however, the distinction between these two kinds of 
energy does not seem so cut and dried. In the cylinders of 
the petrol engine, for instance, a mixture of gases is being 
alternately compressed and expanded as the pistons move 
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As the hole is drilled, some of the mechanical energy of the revolving 
parts of the drill is converted, by friction, into heat energy. 


up and down within the cylinders. The gas mixture is 
ignited when its volume is small i.e. just after it has been 
compressed. At this instant, heat energy from the chemical 
reaction is given to the gas. 

Heated gases invariably expand if they are able. 
Because their energy is increased, the molecules of the gas 
are pushed farther apart. As this happens, they push 
against the piston, making it move. The gas is said to ‘do 
work’ against the piston, and as the gas ‘does work’ part of 
the original heat energy is converted into mechanical 
energy. Mechanical energy is transferred from the moving 
piston to the moving crank-shaft, and from there to the 
wheels of the car. 

The energy which results from the expansion and the 
‘work done’ is the mechanical energy. But the gases 
are always hotter than they were before the explosion. 
They always retain some of the energy. This other kind 
of energy is called internal heat energy. The first law of 
thermodynamics states that the internal energy together 
with the mechanical energy equal the heat energy initially 
supplied to the gases. 

Thermodynamics never deals with the movements of the 
individual particles of matter involved — the molecules of 
gas in this example. It deals only with the behaviour of the 
gas as a whole. It is easier in thermodynamics to juggle 


' with quantities like pressure, temperature and volume, 


of a fairly large number of molecules, all behaving in 
roughly the same way. 

But although thermodynamics never bothers with 
individual molecules, internal energy and mechanical 
energy do mean something when applied to molecules 
themselves. 

Internal energy is the energy which causes the molecule 
to vibrate. The hotter the molecule, the more it vibrates. 
The energy which increases the speed of movement of the 
molecules, and makes the gas as a whole expand, is the 
energy which is to be converted into mechanical energy. 


GEOLOGY 


Limestones 


"THE hard Portland stone used in 

the building of St. Paul’s 
Cathedral and many other famous 
buildings, the White Cliffs of Dover, 
coral reefs and much of the Alps are 
made up of Calcareous rocks (i.e. they 
consist mainly of calcium carbonate). 
They are all varieties of limestone and 
fizz strongly when tested with dilute 
acid. Limestones occur in all geological 
systems notably the Carboniferous and 
Jurassic of Britain. 

Calcium carbonate occurs in two 
forms. Calcite is the stable crystalline 
form and is the main mineral of lime- 
stones. It is found in the skeletons of 
many types of invertebrate. Aragonite, 
too, is formed by many animals and it 
is the form taken by calcium carbonate 
when it crystallises from solution. 
Aragonite, however, is unstable in 
water and is gradually converted to 
calcite. Limestone rocks therefore con- 


The sea-lilies, as shown below, played an 
important part of life in some ancient seas. 
Some limestones (above) consist almost en- 
tirely of thewr cylindrical stems and arms. 
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tain little or no aragonite although it 
may have been present in large 
quantities in the original deposit. 
Magnesium carbonate is usually 
present in limestones. When present 
in fair amounts in the original deposit, 
the double compound calcium mag- 
nesium carbonate may be formed 
when the rock hardens. The rock is 
then called dolomite. 

Present day seas are rarely saturated 
with calcium carbonate and precipi- 
tation of aragonite is not common. 
However, the Bahamas Bank, be- 
tween the Bahama Islands and Cuba, 
has an extensive deposit of aragonite 
mud. The shallow water does not mix 
freely with the open sea. High tem- 
peratures evaporate much water and 
concentrate the salts. Aragonite crys- 
tals are then deposited. Fine grained 
calcite rocks such as those of the 
Carboniferous in south Wales are 
believed to have been formed as 
aragonite muds and to have since 
recrystallised. This area must have 
had warm, shallow seas too. 


Organic limestones are the most 
common of the calcareous deposits. 
Some of them consist mainly of the re- 
mains of only one type of organism. A 
good example is crinoidal limestone, 
made up of the remains of sea-lilies 
(crinoids). Most of the limestones are 
mixed however, being made up of 
shell fragments and some complete 
shells. Brachiopods, molluscs, bryozo- 
ans, corals, echinoderms, protozoans 
and crustaceans all add to the deposits. 
Most of them provide calcite or 
aragonite but molluscs contribute 
both. The aragonite shells or parts of 
the shells may be replaced by calcite or 
they may disappear altogether, the 
carbonate recrystallising as calcite 
cement around the other fragments. 
Reef limestones are formed of the 
skeletons of corals together with lime- 
secreting algae and other organisms. 
The material is cemented as it is 
formed by the organisms. 

Chalk is an extremely pure form of 
limestone especially characteristic of 
the upper Cretaceous period. It is 
almost entirely calcite and is not 
normally cemented — it can be crumb- 
led quite easity. Chalk is made up of the 
remains of various planktonic organ- 
isms together with shells and shell 
fragments and frequently contains 
flints. It appears to be a shallow-water 
deposit, not related to globigerina 
ooze, a calcareous deposit now ac- 
cumulating on much of the ocean floor. 


Stalactites (top) and stalagmites develop 
wherever water drips out from limestone 
rocks. Impurities such as iron or manganese 
may stain the rocks striking colours. 


Portland stone and some other lime- 
stones are made up of millions of tiny 
spheres cemented tightly together. 
These rocks resemble masses of fish 
eggs and are called oolites. The indi- 
vidual grains are perhaps one milli- 
metre across and are made up of 
numerous concentric layers of calcite 
surrounding a nucleus which may be 
a quartz grain or a shell fragment. 
Modern oolites are being formed in the 
Red Sea and around the Bahamas. 
Aragonite is being deposited and 
where the currents or wave action 
roll the grains around, they become 
spherical and continue to gather more 
carbonate. These modern deposits 
will presumably become altered to 
calcite in time. Rocks with larger 
grains than the oolites are called 
pisolites. 

Although limestones may be very 
hard they are easily attacked by 
water. The dissolved carbon dioxide 
forms a weak acid, which dissolves 
some of the rock. Limestone pavements 
are formed because water enlarges the 
joints into deep furrows. Water run- 
ning through limestones dissolves out 
caverns and becomes charged with 
calcium bicarbonate. Upon evapora- 
tion of the water the carbonate re- 
forms and may be deposited as tufa or 
as stalactites and stalagmites if the water 
drops from a cave roof. 
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OPTICS 


N the simplest method of producing 
a spectrum of light, a prism, a 
block of glass of triangular cross- 
section, is put in the path of a narrow 
beam of light. Because each of the 
different colours of light travels 
through the prism along slightly dif- 
ferent routes, each colour appears at a 
slightly different position on the other 
side of the prism. When sunlight, or 
the light from an incandescent light 
bulb is viewed in this way, a continu- 
ous band of colours, ranging from red, 
through orange, yellow, green, blue, 
and indigo to violet is produced. The 
colours merge gradually into each 
other. 
This is called a continuous spectrum. 


consisting of a heavy nucleus, sur- 
rounded by a much lighter ‘cloud’ of 
electrons. The electric current flowing 
through the filament heats it, and 
affects the electrons grouped around 
the nucleus. The electrons most likely 
to be affected are those farthest away 
from the nucleus. Not unnaturally, 
they become ‘excited’ by the heat 
from the electric current. The heat 
gives them an extra amount of energy. 

Now that the electrons have more 
energy, they are able to fly farther 
away from the atoms to which they are 
bound. But there they are in an ‘ex- 
cited state’ and very unstable. The 
electrons cannot remain in this state 
for very long. In fact, their occupation 


Light is split up into its colours by a prism. 


Each colour in it is characterised by 
its own wavelength, for it is known that 
light is a kind of wave-motion and 
the colour of light depends on its 
wavelength. Wavelengths of red light 
are roughly twice as long as the wave- 
lengths of blue light. 

A beam of ‘white’ light has been 
divided into its constituent colours, 
the continuous spectrum. The light origin- 
ates from the hot filament of an 
electric lamp bulb, so obviously all 
the different colours of light must have 
been produced within the filament 
itself. 

When objects are heated very 
strongly they invariably emit light, 
and they are said to become incan- 
descent. To find out exactly why 
incandescent substances emit light, it 
is necessary to examine the behaviour 
of the building bricks of the filament, 
the atoms themselves. 

The filament, in common with all 
matter, is made up of atoms, each 
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of the ‘excited state’ lasts for only the 
tiniest fraction of a second. Almost 
immediately, they jump back to their 
normal, unexcited state. 

But they have too much energy to 
be in this state. The excess energy 


must be discarded before they can 
remain there. 

This process is rather like throwing 
a ball upwards. Energy is given to 
the ball (by the thrower), and this 
energy enables it to move upwards. 
When it reaches the uppermost point 
of its path, the ball stays there for an 
infinitely short time, momentarily sus- 
pended in mid-air. The uppermost 
point of the ball’s path is like the 
‘excited state’ of the electron in the 
lamp filament. The ball drops back 
and hits the ground. But by the time it 
hits the ground, it is moving quickly. 
Before it can remain stationary on the 
ground, the extra energy must be 
discarded. Some of it is converted into 
sound energy, and some, by friction, 
into heat. 

But, it happens that the excess 
energy carried by electrons in the lamp 
filament is emitted as light energy. Each 
excited atom must emit a tiny bundle 
of it, called a photon. 

The colour of the light, the wave- 
length of the light and the size of the 
bundle of energy are all directly re- 
lated to each other. For bundles of 
blue light have more energy than 
bundles of green light, which in turn 
have more energy than bundles of red 
light. In fact, the longer the wave- 
length (red light has the longest wave- 
length of visible light) the smaller the 
energy bundle. So the size of the 


The ball releases energy as it falls to the ground. When an electron ‘falls down’, it 
emits its excess energy as a light ‘bundle’. 
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energy bundle emitted by the excited 
electron governs the colour of the light 
it represents. 

All the electrons in the heated 
filament are being excited by slightly 
different amounts. So they are emit- 
ting bundles of energy of different 
sizes, equivalent to bundles of light of 
different colours. All these bundles, 
jumbled together, give the overall 
impression of white light. 

However, not all sources of light 
are ‘white’. Many heated substances 
do not give out a jumbled ‘white’ mix- 
ture of light. They emit light of a 
definite colour. In other words, they 
emit energy in the form of bundles, of 
certain definite sizes. 

If a piece of paper soaked in brine 
is burnt, it produces a yellow flame. 
The most predominant light bundles 
are the ones corresponding to certain 
wavelengths of yellow light. It is the 
sodium in the brine which is’ res- 
ponsible for this. When the single 
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Producing the yellow sodium spectrum. 


electron around each sodium nucleus 
is excited, it has the choice of only two 
‘excited states’ to go in. These are the 
only ones allowed — in any other ‘ex- 
cited states’ the electron simply could 
not exist. When it drops back into its 
normal unexcited state, the electron 
can emit light bundles of only two 
different sizes, both corresponding 
to wavelengths of yellow light. 

If light from this sodium flame is 
first passed through a narrow slit, 
and then through a prism, each 
slightly different yellow wavelength 
takes a slightly different route. The 
light finally focused on to a screen is in 


fact the image of a narrow slit. If 


this experiment is performed with very 
precise equipment, then two yellow, 
narrow slit images can be seen, both 
very close to each other, and easily 
mistakable for one single one. Each 
image is caused by light of a different 
wavelength, brought by the prism to a 
slightly different position on the 


Sodium electrons can emit only two 
sizes of light bundles. 
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The yellow ‘line’ can be resolved into two 
‘lines’ with more precise equipment. 


screen. These are the two wavelengths 
emitted by sodium. 

Why does the sodium flame give out 
definite wavelengths, while the lamp 
filament gives out a jumbled mixture ? 

One of the reasons is that the atoms 
making up the lamp filament are very 
heavy ones, each with a great many 
electrons. There are many different 
‘excited states’ into which they are 
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The colour of the light ‘bundle’, or photon, 
depends on its wave-length. 


allowed to go. So bundles of energy 
of many different sizes can be given 
out. Another reason is that the atoms 
in the lamp filament are tightly packed 
together. The consequence is that 
outermost electrons are shared partly 
by one parent nucleus, and partly by 
another. ‘Excited states’ of one run 
into ‘excited states’ of the other, with 
the effect that the number of allowed 
‘excited states’ is increased enor- 
mously. The excited electrons are 
capable of emitting bundles of energy 
corresponding to practically the whole 
range of colours of the visible spectrum. 
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BIOLOGY 


The Pouched MAMMAL 


Ft HE pouched mammals or marsupials 
differ from the highest group of 
mammals (placentals) in a_ striking 
way. The young are born at a very 
early stage in their development — in 
the Opossum from only eight to thir- 
teen days after fertilization has occur- 
red. They then crawl to a pouch on 
the abdomen of the female where they 
spend the early part of their lives, 
being suckled on milk from the mam- 
mary glands. 
The Kangaroo is probably the best 


known Marsupial. Others include the 
Wombat, Koala, Native Cat, Tas- 
manian Devil, Wallaby and the Ban- 
ded Ant-Eater. 

Not all marsupials have a pouch or 
marsupium as well-developed as that 
of the Kangaroo. Some merely have 
two flaps of skin whilst others, for 
example the Woolly Opossum, have 
no pouch. In this case the youngsters 
hang on to the nipples of the female as 
she moves around. 

In the placental mammals (e.g. 
Rabbit) the developing embryo ob- 
tains its nourishment from the mother 
by way of a placenta—a specialised 
MOUSE OPOSSUM 


WITH YOUNG CLINGING 
TO THE NIPPLES 


NEWBORN 
OPOSSUM 


organ formed by the union of the 
womb lining and certain embryonic 
tissues. Such a device permits a long 
period of development and conse- 
quently the young are well developed 
at birth. In marsupials, however, the 
young are not nourished by a placenta, 
except in the Bandicoot, but even here 
the placenta is relatively simple in 
structure. As embryos, the only 


nourishment they have is the store of 


yolky material in the egg and a 
supply of ‘milk’ from the womb 
(uterus) lining. The yolk is quickly 
exhausted and consequently the young 
are born at an immature stage. They 
have to reach the pouch where, cling- 
ing to the nipples with their mouths, 
they can obtain the nourishment 
required for their further develop- 
ment. 

At birth, the offspring of the Vir- 
ginia Opossum are no larger than a 
honey bee. Even those of the Great 
Grey Kangaroo are merely an inch or 
so long and weigh only an ounce. 

The female does not pick up the new- 
born youngsters and place them in her 
pouch. They find their own way there, 
a quite remarkable feat for such im- 
mature creatures. Associated with 
this, the forelimbs and their nervous 
supply are well developed at birth. 
The hind limbs are relatively un- 
developed at this stage. The mother 
may lick the fur on her abdomen to 
assist the youngsters’ journey to the 
pouch. 

The length of time that the young 
spend in the pouch varies from about 
seven weeks in the Marsupial Cat to 
four months in the Rat Kangaroo. 
Young of the Virginia Opossum are 


, nursed for nearly two months and they 


do not become independent of the 


TASMANIAN 
DEVIL 


A Koala carrying a_ youngster on her back. 


mother for at least three months. 

Generally, a large number of young 
are produced. Ten is an average litter 
for the Virginia Opossum, though ones 
of fifteen to eighteen are not uncom- 
mon, but the Rat Kangaroo produces 
only one. This is a curious situation, 
for the latter has four teats, — three 
are usually unoccupied therefore — 
whilst the Opossum has thirteen teats 
(eleven that actually produce milk), 
which means that in litters of twelve 
or more, surplus young die because 
they are unable to obtain nourishment. 

From a study of marsupials, both in 
the wild and in captivity, it seems that 
they are able to breed at any time of 
the year, though strict breeding 
seasons are normally observed. A Vir- 
ginia Opossum female usually has two 
litters a year and becomes pregnant 
again after the first litter has been 
weaned. 
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FAMOUS SCIENTISTS 


William HERSCHEL 


WILLIAM HERSCHEL lived at a 

time when interest in astronomy 
was running high. There was still very 
much to be learned about our vast 
universe, the positions and behaviour 
of its many stars, planets etc. and 
many astronomers were busily amas- 
sing information. 

At the time, there were available 
several excellent designs of telescopes, 
all theoretically good. But the problem 
lay in converting theory to practice. It 


was not easy to make a good telescope 
with the simple tools and techniques 
available. William Herschel’s name 
takes its place in history as the man 
who made some of the finest telescopes 
of his age and plotted large sections of 
the sky using them. 

For Herschel, astronomy was a 
hobby. It grew into an obsession and 
in the end completely dominated his 
life. He was not a scientist by training, 
but a musician, Director of Music at 
the City of Bath, engaging artists for 
concerts and composing music to be 
sung and played. 

In 1773, at the age of 35 when his 
last students had packed up and gone 
home for the summer, Herschel made 
preparations to look at the sky. He 
bought a set of lenses and used them 
to make a refracting telescope. But 
to get adequate magnification with a 
refracting telescope, it has to be 


unmanageably long. Herschel realized 
that a shorter refracting telescope 
would suit his purpose better. Glass 
mirrors had not been invented and 
mirrors were laboriously hand ground 
from pieces of hard metal. And be- 
cause of this, the few on the market 
were far too expensive for him, so 
instead he brought some mirror- 
making apparatus and started to make 
his own. The results were so en- 
couraging that he began making big- 
ger and better telescopes with several 
objective mirrors. To the horror of his 
sister, the house began to turn into a 
workshop. A lathe was erected in the 
bedroom and the drawing room be- 
came the carpentry room. Several 
times the Herschels changed house so 
that they could have more space for 
telescopes and plots of land on which 
they could have yet more space for 
telescopes. 

For nine years Herschel stood up to 
the strain of being musician by day 
and astronomer by night, during 
which time he tried to use every 
available hour of starlight for viewing. 
When the weather was unsuitable he 
devoted his time to mirror making, 
sitting hours at a stretch patiently 
rubbing abrasive across the surfaces of 
his metal mirrors. 

In 1782 King George ITI appointed 
him Royal Astronomer after his tele- 
scopes had proved to be far superior to 
those in the Royal Observatory. The 
new appointment meant he could give 
up his post as musician. 

He spent hours ‘sweeping the 
heavens’ subjecting selected areas of 
the sky to intensive examinations. 
Often he examined 400 stars in a 
night. A workman moved the telescope 


Herschel’s machine for polishing small 
mirrors. 
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A 7-foot telescope made by Herschel. 


up and down and Herschel dictated 
his results to his sister Caroline. From 
his many star counts he concluded that 
the sideral system was flattened like a 
grindstone. 

In his spare time he made yet more 
telescopes including one giant 40-foot 
instrument with which he was the 
first person to detect a seventh satellite 
of Saturn. He discovered two satellites 
of Uranus and two of Saturn. 

Herschel was also interested in sun- 
spots but found them difficult to 
examine because of the burning effect 
the image had on the eye. He experi- 
mented using various filters, and 
found a dark smoky green to be the 
best, and red filters to be useless. Many 
of his coloured eye pieces cracked and 
exploded with the heat, luckily not 
injuring him. Wondering why green 
was the best, he produced a spectrum 
and placed a thermometer in each 
colour band. The red end was hottest, 
but the highest reading of all was the 
invisible region just beyond the red. 
Later he showed that the invisible heat 
rays could. be reflected and refracted 
just as light rays could, but it never 
dawned on him that the two were 
virtually the same. 

He died in 1822 after a life that 
could never be called restful. 
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FUCUS VESICULOSUS 


NE of the most obvious features of 

a rocky shore is the tangled 

mass of brown and green vegetation 

exposed by each low tide. The plants 

are seaweeds and they play an im- 

portant part in the ecology of the 

shore. Red seaweeds occur in pools 

but are less common than the brown 
and green ones. 

Seaweeds are flowerless plants be- 
longing to the Algae. Although it may 
be masked by other pigments, chloro- 
phyll is present in all of them and all 
manufacture their food quite nor- 
mally by photosynthesis. This is the 
process by which carbon dioxide and 
water combine to form sugar. It 
requires the energy of sunlight, and 
seaweeds are therefore restricted to 
shallow water where light can pene- 
trate to the bottom. Some areas of sea 
(e.g. the Sargasso) contain masses of 
floating weed but this is exceptional. 
As plants are the only organisms 
capable of making food from inorganic 
material, all animal life must ulti- 
mately depend upon plants for food. 
In this respect the seas’ populations 
depend mainly upon the minute float- 
ing plants (plankton) and not upon 
the seaweeds which grow in only a tiny 
portion of the oceans. 

Seaweeds do have their uses, how- 
ever, and are worth studying from a 
biological aspect too. By covering the 
rocks, the weeds form a cushion which 
protects the rocks from the force of the 
waves. The seaweeds provide food for 
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some animals but, even more im- 
portant, they provide shelter and 
moisture when the tide goes out. If all 
the weeds were removed, very few 
animals could survive on the rocky 
shore. Only those that can retreat with 
the water or withdraw into shells 
could withstand the exposure to the 
air at low-tide. Sandy shores are 
usually devoid of seaweed (other than 
that thrown up by the waves from 
elsewhere) because there is nothing to 
which it can attach itself. Such shores 
are likewise poorer in animal species 
(not necessarily poorer in actual num- 
ber of animals). 

In some areas seaweeds are used as 
fodder for animals, and for human 
food too. Large quantities of seaweed 
are harvested for use as manure and as 
soil conditioners for breaking down 
clay. Seaweeds have the ability to con- 
centrate iodine from the sea into their 
fronds and are thus a valuable source 
of the element. 


A simplified zonation on a rocky shore. 
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Green Seaweeds 
These plants (belonging to the 
Chlorophyceae) are often found on the 
upper parts of the shore where there is 
almost fresh water running over the 
rocks and where there are pools at 
about high-tide level. Enteromorpha, 
with its bright green tubular fronds, is 
sometimes found in pools above the 
true shore. Spray from the waves 
keeps the water salty to some extent. 
The sea-lettuce (Ulva) is another com- 
mon seaweed. Its flat fronds are very 
leaf-like and often form conspicuous 
patches of vegetation. In some regions 
this plant is collected and used for 
food. Other green algae, with smaller, 
often thread-like, fronds may clothe 
the rocks lower on the shore and make 
them very slippery but they are very 
inconspicuous when compared with 
the brown seaweeds. 
Brown Seaweeds (Phaeophyceae) 
These are the commonest and the 
most important plants of the shore. 
The green chlorophyll is masked by a 
brown pigment called fucoxanthin.Some 
brown algae are very large and most 
of them contain several kinds of cells. 
There is usually a holdfast, stalk and 
blade. Some species can withstand 
more exposure to the air than others 
and the plants therefore show a definite 
zoning on the shore. Those that can 
tolerate the greatest exposure are 
found on the highest parts of the shore 
where they are covered for short 
periods each day. Pelvetia canaliculata is 
one of these upper-shore species. 
Lower down, various wracks (species 
of Fucus) occur. The commonest of 
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these is Fucus vesiculosus, the Bladder 
Wrack, so called because of the 
numerous air-bladders in the fronds. 
Another common species is the Ser- 
rated Wrack (Fucus serratus), found 
below the Bladder Wrack on the 
shore. It has no air-bladders but the 
margins of the fronds are toothed or 
‘saw-edged’. 

The oar-weeds or kelps (Laminaria 
species) grow around and below low- 
tide level. The fronds may be many 
yards long and are attached by a short 
stalk or holdfast. In some species the 
fronds may be divided. Laminaria 
saccharina is frequently washed up on 
the shore and is often taken home as a 
sort of ‘weather prophet’. The dried 
fronds readily take up moisture and 
can thus indicate to some extent the 
humidity of the air. Bootlace-weeds 
and Thong-weeds are very long and 
thin. The whip-like fronds arise from 
small button-like holdfasts. They often 
grow in association with the kelps at 
about low-tide level. 

The brown seaweeds (especially the 
Fucoid types) are covered with paler 
spots called conceptacles. These are tiny 
covered pits in which the reproductive 
bodies develop. Free-swimming spores 


- are released and they grow into new 


plants either with or without joining 
with another one. 


Red Seaweeds (Rhodophyceae) 


These plants are generally much 
smaller than the brown seaweeds and 
many are constructed in a different 
way. Instead of the flattened fronds of 
many of the brown weeds there are 
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delicate branched filaments made up 
of chains of cells. Some, however, are 
leaf-like and edible. The red colour is 
due to the pigment phycoerythrin. These 
plants grow in rock pools and on the 
rocks at and below low tide level. 
They extend into deeper water than 
the brown weeds for the red pigment 
enables them to absorb light more 
efficiently. The red seaweeds do not 
produce active spores and their repro- 
ductive mechanism is very compli- 
cated. Some of these red seaweeds 
secrete chalky skeletons around them- 
selves (e.g. Corallina) and, in tropical 
seas, may be important contributors 
to coral reefs. 
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A complete crystal clock. 


OST electric clocks are ‘syn- 
chronised’ by the alternating 
current from the electricity mains. 
The current alternates to-and-fro 50 
times each second (in Britain) and it 
runs a synchronous motor. This means 
that a part of the motor spins round 
either 50 times per second, or a definite 
whole number of multiples (or sub- 
multiples) of 50 times each second. 
The mechanism of the clock is de- 
signed so that when 50 cycles of 
alternating current arrive at the clock, 
then the second hand of the clock 
moves clockwise one second. Only by 
altering the number of cycles per 
second from the electricity mains may 
the electric clock be made to go any 
faster or slower. 
So the accuracy of electric clocks 
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is governed by the ability of the 
electricity generating stations to 
supply to the mains exactly the same 
number of cycles of alternating current 
each second. While all attempts are 
made to keep the mains frequency 


The Piezoelectric Effect 


Charges are squeezed on to opposite 
faces of a piezoelectric crystal. 


ELECTROD! 


standard, it is impossible to use this 
kind of clock to show a ‘standard’ 
time. 

However, an alternating current is 
used to power a very different sort of 
clock — the quartz crystal clock — which 
can be made to indicate the time cor- 
rectly to within one second in 4 years. 
Alternating current at mains fre- 
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The ‘ring-shaped crystal, shown above 
almost life-size, is suspended by six threads. 
Complex electronic circuits connected to the 
electrodes feed the crystal with 100,000 
electrical oscillations per second. 


quency is not used. Instead, the 
quartz crystal clock operates at a fre- 
quency of about a hundred thousand 
cycles per second. This frequency can 
be made so that it does not vary at all. 

Once an alternating current can be 
made so that its frequency is unvary- 
ing, it can be used to run a synchron- 
ous motor, and then to run a clock. If 
the frequency is a hundred thousand 
cycles per second, then every time a 
hundred thousand cycles are pro- 
duced, the second hand of the clock 
moves on one second. 


/ 


Stretch the crystal, and the charge goes 
the opposite way. 


The heart of the quartz crystal clock | 
is the quartz crystal. Quartz is a 
crystalline form of silica. The atoms 
are so arranged in the crystal that they 
give rise to peculiar electrical proper- 
ties. Quartz is what is called prezo- 
electric (pie-eez-oh-electric). 

If the crystal is squeezed, then the 
atoms in it are displaced so that 
negative charges congregate on one of 
the faces of the crystal, while positive 
charges congregate on the opposite 
face. When the crystal is ‘stretched 
out’ the reverse happens. Positive 
charge is replaced by negative charge 
and negative charge by positive 
charge. So by alternately squeezing 
and expanding the crystal, opposite 
sides of the crystal gain, alternately, 
positive and negative charges. 

But another peculiar thing happens 
to quartz when positive charge is put 
on one crystal face and negative charge 
on the opposite face. The crystal auto- 
matically contracts, as if it has been 
squeezed (although no mechanical 
force has been applied to it). A 
mechanical squeeze produces an elec- 
tric charge and an electric charge, a 
mechanical squeeze. 

By sandwiching the crystal between 
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Conversely, charge the crystal one way 
and it automatically squeezes. 


two metal plates, and connecting the 
plates to an alternating supply of 
electric current, an electric charge is 
shifted around the circuit from one of 
the plates to the other. The charges on 
the plates induce alternating charges 
on the surfaces of the crystal. 

It might be thought that if this is 
done, the crystal starts immediately to 
contract and expand in sympathy. In 
other words, to vibrate with exactly 
the same frequency as the electric 
current supplying the plates with 
electric charge. But most crystals can- 
not vibrate at just any frequencies. 
They are rather like violin strings. If 
a violin string is plucked, then it 
vibrates at a definite frequency, to 
produce a definite note. It cannot 
vibrate at other frequencies, for its 
note is directly dependent on the length 
of the string. The quartz crystal’s 
‘note’ is also governed by its size. It 
depends, too, on the way it is mounted 
between the two plates. If an electric 
current at any other frequency is sup- 
plied, through the plates, to the 
crystal, it simply will not vibrate. 

Quartz crystals for clocks are made 
to vibrate at a frequency of about a 
hundred thousand cycles per second. 


eee 


Charge it the other way, and it auto- 
matically stretches. 


The time, in hours, minutes and seconds, 1s 
shown by digits in this transistorized 
version. Below: the oscillator itself. The 
crystal (inside the glass tube) works at 
about 1,000,000 ¢.p.s. 


They are connected to an oscillating 
electric circuit, also ‘tuned’ to oscillate 
at a hundred thousand cycles per 
second. The alternating current starts 
the crystal oscillating at the frequency 
the crystal wants, and the crystal can 
keep on oscillating indefinitely, for the 
current is keeping it continually sup- 
plied with energy. 

The crystal’s frequency does not 
alter at all. However, the frequency of 
the alternating current may easily 
alter. In this event the crystal brings it 
back ‘into line’. The circuit supplies 
the crystal with energy, and the crystal 
makes sure that the frequency of its 
supply does not alter. 

Various electric circuits connected 
to the tuned circuit convert the 


100,000 cycle per second oscillations 
into oscillations of lower frequency, 
which are then used to operate syn- 
chronous motors and drive the clock. 


OSCILLATING CURRENT 


VIBRATING 
CRYSTAL 


So when it is charged by a current 
oscillating at a certain frequency, it 
automatically vibrates at the same 
frequency. 
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Ail person wearing a vivid, large 

hat will stand out in a crowd and 
there is no difficulty in identification. 
But someone less startling and more 
simply dressed will be much more 
difficult to identify. If the wanted 
person is blonde and female then 
matters can be simplified by picking 
out all the female blondes and then STARTING. 
identifying from the smaller group. 

Analysis for metals works on similar 
lines. Some are inconspicuous and 
difficult to identify, but others can be 
easily picked out. Copper, for ex- 
ample, advertizes its presence by 
giving rise to green or blue compounds. 
In the preliminary tests, the presence 
of sodium is quite unmistakable, for in 
the flame test, sodium always gives an 
intense yellow flame. No yellow flame 
— no sodium. 

It is true that one or two metals can 
be picked out, but they are the excep- 
tions and although the preliminary 
tests help, this sort of approach is no 
use for finding and identifying all the 
metallic radicals in an unknown 
sample. A more systematic approach 
is needed. It would take far too long 
to test for each metal and some would 
always be missed. 

Because there are so many different 
metals to choose from, group analysis is 
preferred. This is a method devized to 
work equally well if all the metals are 


GROUP | 
KY PRECIPITATE 


HYDROGEN 
SULPHIDE GAS 
UBBLED 
THROUGH 
HOT FILTRATE 


HEAT PRECIPITATE 
FILTRATE FORMS OF 
SULPHIDES 
FILTRATE THAT ARE 
INSOLUBLE IN 


DILUTE 
HYDROCHLORIC FILTRATE 
ACID 


INSOLUBLE 
CHLORIDE 
PRECIPITATE 


STARTING 
SOLUTION 
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2b. 
ARSENIC TIN tes ru MONY, the 
group 2b metals are shunted off be- 
cause their sulphides dissolve in boiling 
sodium hydroxide solution. The group 
dis mere COPPER and LEAD, BIS. 
sus and CADMIUM are 
left behind 


present or if there is only one of them 
there and if it is performed properly, 
even the most inconspicuous metals 
should be detected. 

All the metallic ions are put into 


es t GROUP 3 
3 PRECIPITATE 


Group3, | 
Le aciiemtinger she chromium 
nds are side-trac' use 
S tean insoluble hydroxides with 
ammonium chloride solution and am- 
-monia. 


Group 4. 


ZINC, MANGANESE, NICKEL and 
COBALT are diverted because they 
form insoluble sulphides with am- 
monium hydroxide solution when 
hydrogen sulphide is bubbled through 
it. The precipitate is further separated 
and tested. 


solution. The conditions are then 
altered so that most still remain in 
solution but a small group are thrown 
out as solid precipitates because the 
new salts formed are insoluble. These 


GROUP 5 
Y PRECIPITATE 


AMMONIUM 
CARBONATE 
SOLUTION 


SOLUTION IS 


= 


BOILED WITH HYDROGEN 6 
AMMONIUM CHLORIDE SULPHIDE 
SOLUTION AND EXCESS >’ BUBBLED PRECIPITATE t 
AMMONIUM THROUGH 
HYDROXIDE FILTRATE 6 


Vow PRECIPITATE 


| © INSOLUBLE 
HYDROXIDE 
PRECIPITATE 


FILTRATE 


\ 


i 


FILTRATE 


SULPHIDES A 
INSOLUBLE IN 
AMMONIUM 
HYDROXIDE 


SOLUTION 
ARE PRECIPITATED 


can be separated from the rest by fil- 
tration and constitute a particular 
group. Then the conditions are altered 
again so that another small group is 
precipitated and filtered out and an- 
other and so on until the jumbled mix- 
ture of metallic ions is sorted out into 6 
groups which can easily be dealt with. 

For example, there are only three 
really insoluble chlorides. The rest are 
more soluble. Insoluble ones are lead, 
silver and mercurous chlorides. These 
salts are thrown out of solution when 
they are formed, by the addition of 
dilute hydrochloric acid to a solution 
of some of the other salts of the metal. 
They can then be separated out from 
the other soluble chlorides by filtra- 
tion. An excess of acid must be added 
so that all of these metallic ions are 
brought down as precipitates. There 
must be complete removal otherwise 
false results will be obtained during 
later stages of the analysis. The precipi- 
tate is known as the group I precipitate 
and the metals, the group 1 metals. At 
a later stage, the precipitate can be 
examined to find out which of these 
three metals it contains. 

The separation of the metallic ions 
into groups is outlined here, but it is 
beyond the scope of this article to 
describe in detail the separation and 
identification of every single metal. 


FILTRATE 
CONTAINS 
GROUP 6 
METALS 


FILTRATE 


GROUP 4 
eS PRECIPITATE 


4 
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the LOCUST Problem 


MAY insects form swarms, but 
none travel so extensively or 
inflict so much damage on crops as 
locusts. A swarm may be so large and 
so dense that the sky is blackened. It 
may contain several thousand million 
locusts with a total weight of perhaps 
twenty thousand tons. Each locust is 
able to consume its own weight in food 
per day, and so vast areas are quickly 
stripped of natural vegetation and 
crops. But swarms can move almost a 
hundred miles in a day so that the 
damage is not restricted solely to one 
area. A swarm that ends up in 
Morocco may have come from the 
equatorial parts of Africa more than 


Locusts for research are reared in special 
cages in a controlled temperature room. 


two thousand miles away. Thus a trail 
of destruction is left behind. Moreover, 
during such a migration, individuals 
may breed again within a year of their 
birth. A female locust may lay three 
hundred eggs during her lifetime, 
and so, as the swarm moves on, a vast 
potential population is left behind. 
There are about seven species of 
locusts. The adults are between two 
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and three inches long and have a wing 
span of up to five inches. Of greatest 
economic importance in the Old 
World are the Migratory locust (Lo- 
custa migratoria), the Desert locust 
(Schistocerca gregaria), the Red locust 
(Nomadacris  septemfasciata) and the 
Moroccan locust (Doctostaurus maroc- 
canus). In the New World the South 
American locust (Schistocerca paranen- 
sis) is most important. 

The Migratory locust is the most 
widely distributed, affecting almost 
the whole of Africa, Southern Asia, 
the East Indies, part of Australia, and 
New Zealand. The Desert locust in- 
habits the northern half and much of 
East Africa, the Middle East including 
Arabia, Israel, Syria, Iraq, Jordan 
and Persia, and the whole of India. 

Locusts hatch (as miniature adults 
or nymphs about half an inch long) 
from eggs laid in moist soil. They have 
no wings and they are sexually im- 
mature, however. They grow in stages, 
casting their skins between each stage 
before increasing in size again. The 
wings appear as tiny structures after 
the first moult and increase in size 
until, when the adult stage is reached, 
after approximately half a dozen 
moults, they can be used for flight. 

For a long time the sudden appear- 
ance of plagues of locusts followed by 
their disappearance was a complete 
mystery. In the 1920’s, however, Dr. 
B. P. Uvarov of the Anti-locust Re- 
search Centre put forward the sugges- 
tion that each species of locust existed 
in two phases, a solitary phase and a 
gregarious phase. These differ so mark- 
edly that they had been considered as 


GREGARIOUS 
HOPPER 


Apart from the fact that outbreaks are 
widely scattered, often unpredictable, 
and of such gigantic proportions, the very 
geography of the countries that they in- 
habit makes the control of locusts an 
immensely difficult problem. Much of it is 
desert or semi-desert, without roads, 
water or other amenities. 

The main control method used at 
present is one of applying poisoned bait 
against the young stages. Insecticide, such 
as gamma BHC, dieldrin, or aldrin, is 
mixed with a bran or similar base and 
spread in front of and amongst the 
marching hoppers. Wide areas are not 
easy to cover, however, because of diffi- 
cult terrain, the large quantities of bait 
needed (only about 0-1! per cent of the 


separate species. The solitary forms 
live in low density populations. They 
are usually green and have no constant 
colour patterns. But the gregarious 
forms live in swarms (as adults) or 
hopper bands (as young stages). They 
are more active, feed ravenously and 
show a strikingly constant pattern of 
yellowy-orange and black. The ap- 
parent disappearance of the locust 
swarms is due to the disbandment of 
the swarming phase. The species con- 
tinues to exist as the more thinly 
spread solitary phase. 

Experiments in the laboratory con- 
firmed Uvarov’s ideas. If individuals 
from a swarm are isolated in cages, 
they develop the colouring of the 
solitary phase. Solitary individuals 
crowded together in cages develop the 
colouring of the gregarious phase after 


Three stages in the approach of a locust swarm. 


bait is active insecticide) and the enor- 
mous labour force required to spread it. 
The method is ideal for controlling small 
hopper bands, but is not sufficiently 
mobile to cope with larger, unexpected 
plagues. 

More concentrated insecticides have 
been applied to the vegetation on which 
the hoppers feed. Less bulk of insecticide 
has to be carried, and so the expense is 
considerably reduced. Dieldrin is a suit- 
able insecticide and retains its potency 
for almost a month. The exhaust of a 
vehicle, such as a Land Rover, has been 
adopted to disperse a fine spray of 
dieldrin downwind. In a day a single 
operator can apply the same quantity of 
insecticide as can a thousand labourers. 


one or more moults. 

The degree of crowding is an im- 
portant factor in determining locust 
behavior. In the wild it is the result of 
a number of environmental factors. 
These control both the numbers of 
locusts and the area over which they 
are spread, and thus their density. 
Hoppers of the gregarious phase will 
also tend to congregate anyway. In 
the case of the Desert locust, swarming 
is thought to occur mainly when a 
period of favourable conditions, per- 
mitting a big increase in the numbers 
of solitary individuals, is followed by 
poor conditions (e.g. drought). This 
drives the locusts to seek out the small 
quantities of vegetation that remain. 
They are thus brought together and 
the impetus to swarm is provided. 

Further research has shown that, 


It is hoped that successive hopper popula- 
tions will feed on the sprayed vegetation, 
thus increasing the effectiveness of the 
control. Further information is required 
on the distribution of hopper populations 
before the method will achieve maximum 
efficiency. Quicker distribution of insecti- 
cide will probably be possible from the 
air. 

Other methods of control are directed 
against the locust swarms. Locusts swarm 
for the greater part of their life and it is 
then that they cause most damage. In 
some areas, such as those bordering the 
Red Sea, the swarms remain in one place 
long enough for poisoned bait to be used 
effectively. Generally though, the swarms 
are so mobile that aircraft have to be used 


in the case of the Red and the Mi- 
gratory locusts, there are certain out- 
break areas — regions where swarming 
is most likely to occur. Careful watch 
on those areas has meant that out- 
breaks can be stifled in their early 
stages. The Desert locust is more of a 
problem, however. Its outbreaks are 
scattered and irregular, and it is 
probable that small swarms, at any 
rate, are always in existence. 
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In any one portion of a swarm the locusts fly 
in the same direction. 


Nymphs (or hoppers) and adults of 
the gregarious phase have an inborn 
urge to gather and stay in crowds. 
From the time that they hatch they 
will start to march — they are unable 
to fly until their wings develop fully. 
In bands — the so-called hopper bands — 
they move across country consuming 
the vegetation as they go. Even before 
they can fly, therefore, they have con- 
sumed large quantities of food, and 
have also moved considerable distan- 
ces. As adults in swarms they are more 
mobile, they eat more, and the females 


SOLITARY ADULT 


ome 
both for reconaissance and spraying. 

The flying swarms are most dense in the 
late afternoon and evening. This is the 
time when spraying is most effective, for 
any that misses the swarm will often land 
on vegetation that the locusts will feed on 
later. Gamma BHC, dieldrin or diazinon 
are the insecticides used. Many thousands 
of gallons may be needed if the invasion is 
a large one. 

The spraying of large areas with 
insecticides has its problems, however. 
Many beneficial insects may be killed, 
besides the locusts. Generally though, 
locusts are attacked by spraying in areas 
away from the crops that they threaten. 
The threat to crop-pollinating insects is 
only slight, therefore. 


can also lay eggs. So further potential 
destroyers are created. 

An extraordinary feature of a locust 
swarm is the way it is maintained as an 
apparently coherent mass of thou- 
sands of millions of individuals. Photo- 
graphs of sections of a swarm in flight 
show that all the individuals of that 
region are moving in the same direc- 
tion. However, it is also true that 
locusts in different parts of the swarm 
may be flying in opposite directions. 
When a locust reaches the edge of a 
swarm it immediately starts to fly in- 
wards and in this way the insects 
remain in one mass. It is probable 
that the senses of sight, hearing, and 
smell are important, providing the 
flight control mechanism with the 
necessary information about the sur- 
roundings. 


A vehicle equipped for spreading insecticide 
over the desert. 
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HE Wheatstone Bridge is an in- 
strument for measuring electrical 
resistance. The resistance of, say, a 
piece of wire is an indication of the 
opposition which the wire offers to the 
flow of electrons through it. By defini- 
tion, the resistance (in ohms) of the 
wire is equal to the ratio of the poten- 
tial difference (electrical pressure dif- 
ference) in volts between the ends of 
the wire to the current in amps 
passing through it. 

The potential difference can be 
measured with a voltmeter and the 
current can be measured with an am- 
meter and the ratio of these two 
measurements gives the resistance (in 
ohms) of the wire. But as a method of 
measuring resistance this is far from 
ideal. For example, the ammeter 
reading is rarely the same as the 
current flowing through the wire 
under test — some current is bound to 
flow through the voltmeter, by-passing 
the wire, yet it is included in the 
ammeter reading. 

The Wheatstone Bridge is not sub- 
ject to this kind of error. It provides a 
simple means of comparing the resis- 
tance to be measured with a standard 
known resistance. 

A Wheatstone Bridge of the type 
used by students consists of 50 or 100 
centimetres of bare constantan wire 
stretched along a scale or ruler marked 
off in centimetres and millimetres. 
(Constantan is an alloy of copper and 
nickel. It is used for the bridge wire 
because its electrical resistance does 


The Wheatstone Bridge 


not vary appreciably with changes in 
temperature). Thick strips of copper 
(a very good conductor), broken by 
two gaps, lead from one end of the 
wire to the other. In use, the resistance 
being measured is connected across 
one gap (usually that on the left), 
while an accurately known standard 
resistor is connected across the other. 
The constantan wire, scale and copper 
strips are mounted on a flat wood base. 

A low-voltage battery connected 
across the ends of the bridge wire 
sends a small current through it. The 
size of this current need not be known, 
but it must not be large enough to 
heat it. 

A galvanometer is connected be- 
tween the junction of the two resistors 
and a sliding contact on the bridge 
wire. 

When the circuit has been wired up, 
a current will pass through the gal- 
vanometer as soon as the sliding con- 
tact touches the bridge wire. This is 
shown by the needle of the galvano- 
meter being deflected from its original 
zero position. Sliding the contact in 
one direction along the wire causes the 
deflection to increase; sliding it in 
the opposite direction causes the de- 
flection to decrease. The procedure 
in using a Wheatstone Bridge is to 
slide the contact along the wire until 
a point is reached where the galvano- 


meter needle shows no deflection. In 
this condition the bridge is said to be 
‘balanced, and the point where the 
sliding contact touches the bridge wire 
is called the ‘null-point’. 

To locate the null-point, the sliding 
contact is placed on the bridge wire 
near one end of the scale. This usually 
results in quite a large deflection of 
the galvanometer needle. The contact 
is carefully moved along the wire to- 
wards the centre of the scale and the 
deflection decreases to zero. If the 
contact is moved any farther along the 
wire, the galvanometer needle again 
shows a deflection — although this time 
it is a deflection on the opposite side of 
zero — showing that the contact has 
gone beyond the null-point. 

It is important that the contact does 
not scrape the bridge wire as it slides 
along, or the wire will no longer have 
a uniform thickness. 

When the null-point has been loca- 
ted, its distance from the left-hand end 
of the bridge wire is read off from the 
scale. This is the length /,. The dis- 
tance between the null-point and the 
right-hand end of the bridge wire is 
found by subtracting /, from the total 
length of the wire. This is the length /,. 

If the resistance to be measured (in 
the left-hand gap of the copper strip) 
is R ohms and the standard resistor (in 
the right-hand gap) has a value S$ 


A Wheatstone bridge set up for measuring 


S = 15 OHMS 


A filament lamp is connected across the left-hand gap of a 
Wheatstone Bridge while a 20 ohm resistor is connected 
across the right-hand gap. The null-point is found to be 37-5 
cm. along the bridge wire. The total length of the bridge wire is 

100 cm. What is the resistance of the filament? 
In the Wheatstone Bridge equation = = a7 stands for the 

2 
resistance of the lamp filament, S stands for the value of the 
standard resistor which in this case is 20 ohms. |, stands for the 
length of bridge wire between the null-point and the left-hand 
end, which is 37-5 cm. |, stands for the length of bridge wire 
between the null-point and the right-hand end, which is 
100 —37-5 = 62-5 cm. Using these vanes in the equation gives 


5 = ie Multiplying both sides of the equation by 20:— 


A coil of wire is connected across the right-hand gap of a 
Wheatstone Bridge and a 15 ohm resistor is connected across 
the left-hand gap. The bridge wire is 100 cm long and the 
null-point is found to be 60 cm from the left-hand end. What is 
the resistance of the coil? 


The usual equation = = ue holds good only if !, is the length 


2 
of bridge wire between the null-point and the end nearest R 
which in this case is the right-hand end, Similarly |, is the 
length of bridge wire between the null-point and the end 
nearest S, i.e. the left-hand end in this case. Hence /, = 100 —60 
= 40cm and /, = 60 cm. § = 15 ohms and R = resistance of 
coil. R_ 40 
Using these values in the equation gives se = =. Multiplying 


both sides by 15:— 


ohms, then the ratio Es is equal to 


S 


l 
the ratio i Hence, if the value of 
2 
S is known and the lengths J, and /, 
have been measured, the value of R 


can be found from the equation 
R ‘ 
Ss 1 

The Wheatstone Bridge method of 
measuring resistance is not subject to 
errors in the galvanometer scale be- 
cause the zero reading (the only one 
which matters here) can be checked at 
any time. The precise value of the 
standard resistor (8) is usually printed 
on it by the manufacturers and is un- 
likely to be a source of error. The 
main error lies in reading the length 
l, and great care is needed in taking 
this reading, particularly if the bridge 


The sliding contact has not reached the 
null-point. 


R = 15x40 _ 600 _ 
60 60 


wire is only 50 cm long. 

Another serious error arises if the 
ends of the bridge wire do not coincide 
exactly with the ends of the scale. This 
error may be detected by exchanging 
the unknown and standard resistances 
and locating the new null-point. If the 
value of the unknown resistance cal- 
culated from the new null-point differs 
from the original value, then the 
bridge wire has ‘end errors’. 


Such errors may be partly overcome: 


by taking the average of the two values 
found for the unknown resistance. 

The greatest accuracy is obtained 
when the null-point lies near the 
centre of the bridge wire, and for this 
reason it is advisable to select for the 
standard resistor one whose value is 
roughly equal to that of the ‘unknown’ 
resistance. 


The sliding contact is touching the bridge 
wire at the null point. 


10 ohms. 


Of all the accurate measuring in- 
struments used in science, the Wheat- 
stone Bridge must be one of the 
earliest. It was devised by the British 
physicist Sir Charles Wheatstone 
sometime around 1847. Wheatstone 
used his bridge for locating short cir- 
cuits in a telegraph system he had 
developed with Sir William Cooke. 
Nowadays an important application 
of the Wheatstone Bridge is in measur- 
ing temperatures. This is possible 
since the electrical resistance of most 
conductors (a coil of fine platinum 
wire is used in practice) increases as 
the temperature rises. 

A practical Wheatstone Bridge is 
more compact than the student’s 
model described here. The long bridge 
wire is coiled around an insulating 
cylinder and the whole apparatus is 
enclosed in a fairly small box. 


The sliding contact has passed the null- 
’ i ae 


point. 
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HE planet Venus is one of the most 
conspicuous objects of the even- 

ing or morning sky. When it is an 
‘evening star’ it sets soon after the Sun. 
As a ‘morning star’ it rises before the 
Sun, and then gradually disappears as 
the sky lightens. During most of the 
night Venus is never seen. The reason 
is that Venus lies between the Sun and 
Earth. Its mean distance from the Sun 
is 67,200,000 miles, while that of the 
Earth is 92,960,000 miles. The position 
of its orbit means that Venus is never 
seen more than 48° east or west of the 
Sun. If Venus is east of the Sun, it sets 
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EARTH'S ORBIT 


Venus never appears more than 48° E. or W. 
of the Sun. Because it lies between the Earth 
and the Sun, it has phases. 


after the Sun does, so is an ‘evening 
star’. If Venus is west of the Sun, it 
sets before the Sun does (so cannot be 
seen in the evening) and rises before 
the Sun. It is then a ‘morning star’. 
Venus is not a star at all. Stars are 
heavenly bodies, like the Sun, which 
are exceedingly hot and emit light of 
their own. Venus is a planet, and it 
can be seen only because it reflects 
light from the Sun. It appears bright 
because, of all the planets, it reflects 
the greatest proportion of the light it 
receives from the Sun. Venus reflects 
three quarters of the light it receives, 
while as a comparison, the Earth 
reflects less than four tenths. 
Although Venus approaches the 
Earth more closely than any of the 
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At its most distant point from the Earth, the 
sunlit part of Venus faces the Earth. 


other planets do, very little is known 
about it. No plains, mountain ranges 
or oceans can be seen, for Venus is 
surrounded by a dense layer of cloud 
which obscures all the details of the 
surface of the planct. Through even 
the most powerful telescopes Venus 
appears uniformly bright. Only the 
opaque atmosphere can be seen. When 
infra-red light from the planet is 
viewed, one or two darker blotches 
may appear. (Infra-red light is more 
penetrating than ordinary light, and 
may perhaps be able to get through 
the atmosphere). But these blotches 
are not permanent features, like hills 
or oceans, for they disappear within a 
few hours. They are probably caused 
by cloud movements. 

During a recent close approach of 
Venus, radar waves were beamed at 
the planet’s surface to find out, by 
studying the ‘echo’ of radar waves 
reflected back, whether the surface 
was mountainous or not. Results indi- 
cate that it is smoother than the 
Earth’s surface. 

Nothing definite is known about 
Venus’ surface. Since it lies nearer the 
Sun than the Earth does, its surface is 
probably hotter than the Earth’s. The 
‘greenhouse effect’ of its atmosphere, 


Venus is east of the Sun, and is an ‘evening 
star’. 


too, would make surface temperatures 
high. The atmosphere lets through 
radiation from the Sun, but not 
radiation reflected back from the 
planet (the reason being that this is 
of longer wavelength). The atmos- 
phere lets in the radiation, and then 
insulates the planet, preventing the 
radiation from getting away. A sur- 
face temperature of 200° or 300°C. 
(two or three times the boiling point of 
water) has been recorded using radio 
astronomy. More recent results sug- 
gest that it is slightly lower than this — 
about 150°—200°C. 

However, a little bit more is known 
about the visible part of Venus, its 
atmosphere. Each gas in the atmos- 
phere absorbs certain wavelengths of 
light, and these wavelengths will be 
missing in the spectrum of the light 
from Venus. By studying the spectrum, 
it has been found that carbon dioxide 
is the main constituent of the atmos- 
phere. There is roughly 250 times as 
much carbon dioxide as there is at the 
surface of the Earth. Nitrogen may be 
present, but neither oxygen nor ap- 
preciable amounts of water vapour 
have been detected by this method. 

The absence of oxygen is probably 
caused by high temperatures on the 


When Venus is west of the Sun, it is a 
‘morning star’. 


ly Venus moves closer, only part of the sun- 
lit half can be seen. 


planet. Under these conditions, oxy- 
gen would take part in chemical re- 
actions, and become part of carbon 
dioxide. 


However, it is now thought that — 


there is, after all, water vapour ii 
Venus’ atmosphere. Observations 
taken on the surface of the Earth 
were hampered by the effects of the 
atmosphere. Observations of Ve 
have been made from a balloon, 1 
miles above the Earth’s surface, and 


from these it has been deduced that ~ 


some water vapour is present. 

The cloud layer is probably about 
300 miles thick. This has been deduced 
from observations of the shape of 
Venus. For Venus has phases like the 
Moon. We see only the part of Venus 
which is facing the Sun, and, depend- 
ing on the relative positions of Venus, 
Sun and Earth, this part may appear 
crescent shaped, ‘new’ or ‘full’. The 
bright cusps of the crescent Venus may 
extend a considerable way around the 
darkened portion of the disc. The 
thickness of the atmosphere can be 
gauged by measuring how far round 
the cusps extend, for the extensions to 
the cusps are caused by the atmosphere. 


Measuring the rate of rotation 
All the planets rotate on their axes. 
Observers on other planets could see 
quite easily that the Earth rotated, 
for they could follow the movement of 
the permanent land masses and 
oceans, and find that they reappeared 
in the same position once every 24 
hours. But Venus has no such per- 
manent visible features, and the rota- 
tion cannot be followed in this way. 
Various estimates on the period of 
rotation have ranged from 24 hours to 


225 days! The period was thought un- 
likely to be as long as 225 days, for 
this is the length of the ‘year’ on 
Venus. If Venus turned on its axis 
only once during each orbit of the Sun, 
then the same half of the planet would 
always point towards the Sun. One 
half would perpetually intercept the 
solar radiation, and be exceedingly 
hot, while the other would never 
receive solar radiation, and be per- 
petually cold. 

In fact, the temperature of the dark 


half would approach Absolute Zero 
(—273°C). The temperature of the 
atmosphere has been measured, and it 
is in fact far warmer than this — about 
— 25°C. This suggests that all parts of 
the planet do face the Sun for part of 
the time. But even so, the rotation 
period must be fairly slow for the 
atmosphere to have cooled down to 
— 25°C, in the planet’s ‘night’. (Day- 
time temperatures in the atmosphere 
are about 60°C). If the period were as 
short as a day, the temperature would 
not have dropped so much. 

There is another reason why the 
‘day’ on Venus cannot be as short as 24 
hours. When a planet is rotating fairly 
quickly, the movement of one part to- 


wards the observer, and the movement 


of the other part away causes the wave- 
lengths of radiation reflected by the 
planet to become either shorter or 


‘longer. Because the planet is moving, 
the waves of radiation have either 


been squashed in or pulled out. This is 
called the Doppler Effect. The quicker 
the rotation, the more noticeable the 
effect. But on Venus, no Déoppler 
Effect has been observed. The rotation 
must be too slow to cause a noticeable 
effect. 

Many astronomers decided that a 
period of a few weeks, between the two 
extremes, was the most likely. How- 
ever, an American space ‘probe’ pas- 
sed within 21,600 miles of Venus in 
December, 1962, and its instruments 
indicated that the period was even 
longer than 225 days. If this is to be 
believed, then there must be strong 
winds circulating the planet to prevent 
the dark side from cooling down to 
Absolute Zero. 
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HEAT PHYSICS 


GENTRAL HEATING 


"TWENTY-FIVE years ago central 

heating was a luxury in British 
homes. However, the expansion of 
credit facilities and the development 
of new and improved systems now 
makes it possible for many more 
families to follow the American lead 
and to enjoy the comfort and con- 
venience of central heating. 

Any system of central heating 
should, by definition, comprise a 
central unit in which the chemical 
energy in the fuel is converted into 
heat energy, and a means of distributing 
this heat to the various parts of the 
building. Solid, liquid or gaseous fuels 
(e.g. coke, kerosene or coal gas) may 
be used as the source of heat, while 
water, steam or air may be employed 
as the vehicle for transferring heat 
from the central source to the various 
rooms in the building. 

Electricity is also used extensively 
as a source of heat, but even electric 
underfloor heating does not really rank 
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as a system of central heating. This is 
because electrical energy is not con- 
verted into heat energy at one central 
point; instead heat is generated 
throughout the system. In fact, elec- 
tricity may also be regarded as an 
alternative to hot water for distribut- 
ing energy around a building — in the 
power station the chemical energy 
contained in the fuel is converted into 
electrical energy, which is in turn 
changed into heat energy at the point 
where this is required. 


Hot Water Systems 


Hot water is most frequently used in 
domestic installations as the means of 
conveying heat around the home. The 
recent introduction of the small-bore 
forced circulation system has made 
hot water central heating more attrac- 
tive both with regard to cost and 
appearance. 

Previously hot water was circulated 
by convection currents through much 


larger pipes. 14 in. diameter steel pipe 
was frequently used for domestic in- 
stallations, while in large offices and 
schools 4 in. or 5 in. diameter pipe is 
not uncommon. These large diameters 
are necessary to reduce as far as pos- 
sible the resistance to flow. In this 


As shown in the flow diagram of the indirect 
warm air system, the heat exchanger 1s fed 
with hot water from a boiler. Hot water for 
washing is also heated indirectly by the 
same source. 


system, the hot water from the boiler 
rises by convection to the highest point 
in the system, and then flows under 


House fitted with small bore hot water system. 


EXPANSION 
TANK 


RADIATOR 
CIRCUIT No. 2 


HEATING COIL 
INSIDE THE 
INDIRECT CYLINDER 


TO COLD fi 
TAPS t 


a i 


" SY oe 


EXPANSION 
TANK 


HEATING 


CYLINDER 


BOILER 


Flow diagram for the gravity hot water system. Note that hot water for washing is heated 
indirectly via the heating coil or calorifier. This reduces to a minimum the fresh water which 
has to be introduced into the circuit passing through the boiler. 


gravity through the radiators and 
back to the boiler. It is for this reason 
that this system is often referred to as 
the gravity feed system, even though 
convection is more important than 
gravity for circulation purposes. 

Pipes of smaller diameter offer a 
greater resistance to flow than larger 
ones do. However, in domestic central 
heating there are advantages to be 
gained by using small-bore copper pipe. In 
this instance a circulating pump is used 
to convey the water from the boiler to 
the various radiators. The small-bore 
pipe is much easier to conceal and 
cheaper to install. Furthermore, small- 
bore central heating can be fitted into 
existing property with very little 
damage to decoration since only small 
holes have to be made in the walls. 

Domestic central heating systems 
are frequently run in conjunction with 
the hot water supply, though an al- 
ternative means of heating water for 
washing is essential in the summer. 
Two methods are used for integrating 
the two systems. 

In the direct method virtually all the 
water is heated by circulating it 
through the boiler. As hot water is 
drawn off from the taps, its place is 
taken in the system by cold water 
from the feed tank. This means that 
after passing around the radiator cir- 
cuit several times some of the water 
will be withdrawn as washing water. 
Although this system. may function 
satisfactorily in areas where the water 


is soft, the introduction of fresh sup- 
plies of hard water tends to fur up the 
pipes, since it will pass through the 
boiler. 

A more satisfactory arrangement 
exists in the indirect system. In this, 
the radiators and boiler are on a closed 
circuit and the washing water is 
heated by a heating coil or calorifier in 
the hot water storage tank. An expan- 
sion tank is included in the radiator 
circuit, but only very small quantities 
of fresh water have to be addéd — the 
washing water never enters the boiler 
so the formation of radiator scale is 
considerably reduced. 


Warm Air System 


There are two different methods of 
central heating by warm air. One is an 
extension of hot water central heating, 
but instead of transferring the heat 
from the hot surface of a radiator by 
natural convection, air is blown 
through a heat exchanger which is fed 
with hot water. This is similar to the 
heating systems installed in many 
cars. 

The alternative is to heat the air 
by passing it over surfaces which are 
heated directly by burning the fuel. 
Once the air, which should be pre- 
viously filtered, has been heated it is 
conveyed through ducts to the various 
rooms. Since a much larger space is 
required for the ducting than for 
small-bore pipes, the direct warm air 
system is rather difficult to incorporate 


into the structure of existing houses. 


Saving Heat 


In order to run any system of heat- 
ing economically, it is desirable that 
heat losses are cut to a minimum, and 
there are a number of fairly simple 
steps which can be taken to conserve 
heat. Since most modern central heat- 
ing systems incorporate thermostatic 
controls, a reduction in heat losses will 
produce a corresponding reduction in 
fuel consumption. 


The direct warm air system requires extra 
space to accommodate the large ducts which 
convey the hot air from the stove. This untt 
does not provide hot water. 


Heat is wasted by losses through the 
roof if this is not insulated, and 
through large areas of glass unless the 
windows are ‘double-glazed’. Not only 
do ill-fitting doors and windows cause 
draughts—the draughts take some 
warm air away. The pipes feeding the 
radiators are also potential heat 
wasters unless they are lagged. 

A lot of heat may also be lost in the 
boiler flue which carries away the 
products of combustion. Some of this 
wastage may be recovered by having a 
secondary heat exchanger or economiser 
in the flue. This serves as a pre-heater 
for the water entering the boiler and 
extracts extra heat from the flue gases. 


Comparative Costs 


It is impossible in a short article to 
compare the different systems. How- 
ever, the cost of central heating may 
be divided between installation, main- 
tenance and fuel supplies. Other fac- 
tors to be considered are availability of 
fuel, particularly in a hard winter 
when supplies may fail, convenience, 
cleanliness and ease of control. 
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Dr J. C. Kendrew (left) and Dr Max Perutz shared a Nobel prize in 1 962 for their work 
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in determining the structure of haemoglobin and the related myoglobin. Here, they are 
discussing a model constructed to show molecular structures. 


HAEMOGLOBIN 


LL animals require a supply of 
oxygen for the process of respira- 
tion whereby food materials are oxi- 
dized with the liberation of energy. 
They obtain the oxygen from their 
surroundings, either air or water. 
Small animals such as_ protozoans, 
Hydra, and others can obtain sufficient 
oxygen by simple diffusion: they need 
no elaborate respiratory system. All 
the larger animals, including insects, 
many crustaceans, molluscs and all the 
vertebrates (back-boned animals) 
have special organs concerned with 
obtaining a sufficient oxygen supply. 
These organs have very thin walls 
through which oxygen can difluse 
directly into the tissues (insects) or into 
a transport system. The blood system of 
vertebrates and other animals is such a 
transport system. One of its functions 
is to carry oxygen from the respiratory 
organs (lungs or gills) to the rest of the 
body. 

The solubility of oxygen is not high 
and although there is a very large sur- 
face for absorbing it, it will not dissolve 
in the blood in quantities sufficient for 
the needs of active tissues. This is where 
the blood pigments come into play. The 
best known of these is haemoglobin, the 
red pigment of vertebrate blood and 
of some other animals (e.g. earth- 
worms). 

Blood pigments are substances wi 
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a high affinity for oxygen when the 
latter is plentiful but which release 
it again in oxygen-deficient surround- 
ings. Thus, when the blood flows 
through the lungs, the pigment com- 
bines with oxygen. On its journey 
round the body, the blood meets 
oxygen-deficient tissues which are 
slightly acidic because of the carbon 
dioxide that has been formed during 
respiration. The oxygen is then re- 
leased by the pigment and made avail- 
able for further respiration. 
Haemoglobin is mainly carried in 
the red corpuscles of the blood in 
vertebrates. It makes up about 32% of 
the dry weight of the corpuscles. There 
are two basic parts to the haemo- 
globin molecule; haem, containing the 
iron, and globin, which is a complicated 
protein. Globin makes up about 96% 
of the haemoglobin. The formula 
of haem is now known to be 
C,,H,,0,N,FeOH, although it is not 
obtained in this form. Hydrolysis of 


haemoglobin with hydrochloric acid 
produces haemin (hemin) in which a 
chlorine atom has replaced the hy- 
droxyl (OH) group. Haem is chemi- 
cally related to chlorophyll and other 
naturally occurring pigments. Al- 
though it is the smaller part of the 
molecule, the haem group is the func- 
tional part as far as oxygen-carrying is 
concerned. The constituent amino- 
acids of globin give the haemoglobin 
molecule as a whole a very high mole- 
cular weight. 

After its journey round the body, 
the blood is returned to the lungs or 
gills. The concentration of oxygen is 
lower inside the blood vessels of the 
lungs or gills than outside, and oxygen 
passes into the blood stream and into 
combination with the haemoglobin 
forming oxyhaemoglobin. The latter is 
bright red and accounts for the differ- 
ence in colour between oxygenated 
(arterial) blood and venous blood 
which is a dark reddish brown. One 
gram of haemoglobin combines (under 
standard atmospheric conditions) with 
1°35 cc of oxygen, corresponding to 
one atom of oxygen for each one of 
iron: 
Haemoglobin + oxygen=oxyhaemoglobin. 


The reaction is reversible, the direc- 
tion depending upon the concentra- 
tion of oxygen around, and upon the 
acidity of the surroundings. Oxygen is 
readily released in the body where the 
concentration is low and the acidity 
high. 

Carbon monoxide also forms a com- 
pound with haemoglobin. It is called 
carboxyhaemoglobin and is again, bright 
red. Carboxyhaemoglobin is much 
more stable than oxyhaemoglobin and 
does not readily break down. The pig- 


ment is thus permanently prevented 


from carrying oxygen again. This ex- 
plains the extremely poisonous nature 
of carbon monoxide. 


Tron deficiency in the body leads to reduction of haemoglobin content. This is measured by 
comparing a sample of blood taken from the ear or finger with a standard chart. The redder 


the colour the greater the haemoglobin content. 


—— 
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ORN in London in 1825, Thomas Henry Huxley was 
destined to become one of the great men of the nine- 
teenth century. He embarked upon a medical career and, 
after qualifying at Charing Cross Hospital, he joined the 
Royal Navy. In 1846 Huxley was appointed assistant- 
surgeon aboard H.M.S. Rattlesnake. The ship had been 
commissioned to survey areas of the Great Barrier Reef 
and the neighbouring seas. This gave Huxley ample 
opportunity to study animal life and was the start of his 
biological career. The voyage lasted four years during 
which time he gathered much information on the free- 
swimming animals of the plankton. He published an 
important work on the structure and classification of 
coelenterates (jelly-fishes and their relatives) which showed 
clearly how they are built of two basic layers. After the 
voyage he continued to publish material that he had 
collected, including papers on sea squirts and pteropods 
(sea-butterflies). 

On his return from the Rattlesnake’s voyage Huxley was 
made a Fellow of the Royal Society in recognition of his 
scientific work. In 1854 he was appointed as a lecturer in 
natural history at the Royal School of Mines, and later as 
Naturalist to the Geological Survey. Although he con- 
tinued to publish papers concerning coelenterates and 
other invertebrates, his interest was turning towards 
vertebrate animals. Fossil fishes and reptiles were the 
subjects of a number of papers published in the late 1850’s 
and in 1858 Huxley lectured upon the origins of the verte- 
brate skull. 

For some time Huxley and his contemporaries had been 
discussing the possibility that animal species had evolved, 
one from another. No satisfactory theories had been put 
forward but, in 1859, Darwin’s ‘Origin of Species’ ap- 
peared. Huxley at once realised its importance and how the 
theory of Natural Selection provided ‘the working hypo- 
thesis we sought’. For the rest of his life Huxley strove to 
ensure the full recognition of Darwin’s work. He naturally 
met with opposition from the Church and many non- 
scientists who believed Man to be unique. In 1863 Huxley 
published ‘Man’s Place in Nature’ in which he compared 
Man and the great apes. He clearly showed the similarities 
and related them to the remains of Neanderthal man that 
had been found some years earlier. The value of fossils to 
the new theory of evolution inspired many papers on fossils 
during the 1860’s. Huxley also produced a number of 
educational books during this period. 

From about 1870, Huxley was too involved in other 


Huxley gave many lectures but perhaps his most famous was that to 
the Royal Society in 1858 when he discussed the origins of the 
Vertebrate Skull. 


Some planktonic animals and fossil fishes that formed the subjects of some of Huxley’s papers. 


things to continue actual research. He had always been 
interested in education and held a number of appoint- 
ments in this field. He pioneered the teaching of biology 
and his method of selecting ‘type animals’ is still followed 
today. Many of his writings are to be found collected under 
the title ‘Science and Education’ which appeared in 1899. 
He was, for a time, secretary of the Royal Society and he 
also sat on various Royal Commissions enquiring into 
scientific and educational problems. Thomas Huxley 
retired from his appointments in 1885 and spent the last ten 
years of his life writing essays on philosophical, biological 
and other subjects — a tradition carried on at the present 
time by his grandson Sir Julian Huxley, another famous 
biologist. 
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HOUSEHOLD CHEMICALS 


ALT cellars and bottles of vinegar 
were common to most households 
long before anyone knew that their 
contents were chemical compounds. 
They were both used simply because 
they helped to preserve food and gave 


known. In 1695, Nehemiah Grew be- 
came the first person to extract crystals 
of the salt from water. The crystals 
were very much later found to be hy- 
drated magnesium sulphate: 


(MgSO,.7H,O) 


Molecule of soap, sodium stearate. 


it a pleasant flavour. Neither was 
difficult to obtain. 

Common salt occurs naturally and 
has only to be removed from the 
ground and purified. Although it is 
commonly known as salt, chemically 
speaking, there are many salts (com- 
pounds which are part metallic and 
part acid radical). This particular one 
is sodium chloride. 

Vinegar is dilute acetic acid. It is 
not a corrosive one like sulphuric acid, 
but a dilute organic acid. There are no 
‘vinegar wells’, but nevertheless it is 
not difficult to make. Just leave the 
cork out of a bottle of wine and some 
bacteria will do the job for you, 
oxidizing the ethyl alcohol in the wine 
to acetic acid. Vinegar is easily made 
from ethyl alcohol. There are many 
substances like this around the house- 
hold — chemical substances which 
quite by accident have been found 
useful for certain purposes. If they 
worked, that was enough. One of these 
chemicals was Epsom salt. The water 
of a spring at Epsom had so much of 
this salt dissolved in it that even the 
cows refused to drink there. No one 
knew what was wrong with the water. 
but its effect on humans was certainly 
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Several sodium compounds are to 
be found around the house. Soap is one 
example. It usually is sodium stearate, 
made by boiling fat with sodium 
hydroxide. The glyceryl stearate (fat) 


Some chemical substances used in the 
kitchen. 
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is split up in the manufacture to form 
glycerine and soap (sodium stearate). 

Another is washing soda, sodium 
carbonate crystals (Na,CO,.10H,O). 
A handful of these glassy crystals in 
the washing water softens it, pre- 
venting a nasty scum from forming and 
sticking to the washing. The sodium 
ions from the soda change places with 
the metallic ions in the water respon- 
sible for its hardness. Bath salts have a 
similar water-softening action but they 
are less harsh. They consist chiefly of 
sodium  sesquicarbonate (Na,CQs . 
NaHCO,.2H,O). This is a double 
salt, part carbonate, part bicarbonate. 

Baking powder is entirely sodium _ 
bicarbonate (NaHCO,). When this 
compound is heated, it decomposes, 
giving off the gas, carbon dioxide. 
Bubbles of carbon dioxide trapped in 
the cake, as it cooks, give it extra light- 
ness. Because a small amount of 
powder gives off a large volume of gas, 
only a little bicarbonate of soda need 
be used to make the cake rise suffici- 
ently. 

As well as salts, both acids and 
alkalis find their places on household 
shelves. Sticks of sodium hydroxide 
and bottles of ammonia solution are 
useful in the kitchen. The alkali 
ammonia is used as a sink and pipe 
cleaner because it attacks particles of 
fat and converts them into a soap 
which itself helps to clean the dirty 
parts. A stick of sodium hydroxide is 
more drastic in its action of attacking 
grease to form soap. For this reason it 
is used for cleaning dirty ovens. After 
the grease has been converted to soap 
it is easier to wipe off. (The sodium 
hydroxide in the stick is usually mixed 
with soap). 

Compared with some of the later 


arrivals on the scene, these compounds 
are relatively simple with quite small 
molecules. They came into use through 
a process of trial and error. If a com- 
pound did a certain job, it was wel- 
come to stay. Many chemicals which 
arrived in this fashion have not been 
surpassed, but a great many have. A 
scientific approach has replaced the 
old haphazard one. New molecules 
have been built up with a specific task 
in mind. The actual chemistry of the 
research is complicated, but the theory 
is simple. You find which family of 
chemicals will do the job. It may be a 
phenol or an organic acid, and then 
start adding atoms or groups and 
taking others away, juggling with the 
molecule in an attempt to get the best 
possible formula. 

It is obvious that from such efforts, 
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An old well at Epsom. The first crystals of 
Epsom salt, hydrated magnesium sulphate, 
MgSO,.7H,O, were recovered from its 
waters. The well is still-in existence but is 
no longer used. 


simple uncomplicated compounds 
with simple formulae such as NaCl 
(sodium chloride) will not result. The 
compounds will usually be more com- 
plicated and the molecules much 
larger. Because of the research and 
effort that has gone into their develop- 
ment by the manufacturers, the exact 
formulae of many of the newer arrivals 
remain a trade secret although the 
type of compound, phenol, acid, etc. 
may be general knowledge. 
Old-fashioned moth balls were balls 
of naphthalene, a compound obtained 
as a by-product in the distillation of 
coal tar. Its molecule consists of two 
benzene rings joined side by side like 
two adjacent cells of honeycomb. The 
active ingredient in some of the more 
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Many household chemicals now come in 
aerosol packs. The propellant is usually 
dichloro-difluoromethane CC1,F, although 
butane C,H, , can also be used. When under 
pressure, the propellant is a liquid, but 
it becomes a gas when the pressure 1s 
released and rushes out carrying some of 
the chemical with it. 


modern moth-proofers is para-di- 
chlorobenzene. This is a benzene 
molecule with two substituted chlorine 
atoms. D.D.T. is often another active 
ingredient. It is little wonder that this 
compound has an abbreviated title, 
for its full name is dichloro-diphenyl- 
trichloroethane. Although this is a 
fairly complicated molecule, it is 
simple compared with some of the 
gigantic molecules in _ household 
chemicals. 

Again, with weed-killers, at one 
Moth balls are made from napthalene. 
More modern moth proofers contain chemi- 
cals which have more complicated molecules. 
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time, the salt, sodium chlorate was in 
great favour. Now compounds such as 
salts of chlorophenoxyacetic acid are 
on the market. 

Great changes have also taken place 
in the packaging of modern household 
chemicals. Many substances now come 
in aerosol packs so that they can be 
evenly sprayed on the surface being 
treated. If the substance to be sprayed 
is starch the starch is put in a metal 
canister together with a propellant. 
The propellant is a substance which is 
liquid under high pressure, but im- 
mediately the pressure is released, it 
turns into a gas. Starch and propellant 
are in the canister. When the button is 
pressed to release the pressure, the 
propellant rushes out in gaseous form, 
carrying some of the starch with it. 

The most usual propellant is di- 
chloro-difluoromethane (CCI,F,). 
This is the same liquid used in most 
electrical refrigerators because the gas 
liquefies with such great ease. The 
hydrocarbon, butane, C,H, , also finds 
use as a propellant, but to a lesser 
extent. 
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MATHEMATICS 


SQUARE ROOTS 


LINE 3 units long is drawn hori- 
zontally. From one of the ends of 

this line, another line 3 units long is 
drawn vertically. The two lines form 
two of the sides of a square, and the 
area of the square is g square units. 9 is 
called the square of 3, for it is the num- 


lines have been drawn 1-73 units long, 
the exact area of the square is not im- 
mediately obvious. It does not appear 
to be a whole number of units. 

But the area can be quite easily 
calculated, for it is 1-73 multiplied by 
itself, or 1°73 x 1°73, which is very 


ber of square units in a square of side 
3 units. 

The square of any number is the 
result of multiplying the number by 
itself. The square of 3 is3 x 3 — 9. The 
square of 6 is6 x 6 = 36. Going in the 
opposite direction, 6 is said to be the 
square root of 36. 3 is said to be the 
square root of 9. The square root of any 
number can be imagined as the side of 
a square of area that number of square 
units. 

With the aid of a ruler and a set 
square, it is possible to draw a square 
of any size. When, for example, the 
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nearly 3. A better approximation to 
the number, the square root of 3 is 1-732. 

Only a small proportion of numbers 
are ‘perfect squares’, or numbers 
which have whole number square 
roots. I, 4, 9, 16, 25, 36, 49, 64, 81, 100, 
etc., are perfect squares. Their square 
roots are, respectively, 1, 2, 3, 4, 5, 6, 
7, 8, 9, 10... etc. The numbers in 
between the perfect squares are, of 
course, squares of a number but these 
square roots are not whole numbers. 3 
lies in between the perfect square 1 and 
4, and its square root lies between 1 
and 2, the square roots of 1 and 4. 


2 


There are two common ways of 
symbolizing ‘square root’./3 means 
‘the square root of 3,’ and is the most 
usual form. ; 


Alternatively, it can be written as 3? 
(three-to-the-half). This is a better 
notation, because it shows that the 
logarithm of the square root of a num- 
ber is half the logarithm of the number. 


The easiest way of finding the square 
root of a number is to work with 
logarithms (see page 940). For in- 
stance, the logarithm of 100 is 2-0. 100 
is 10-to-the-second-power, or 107. The 
logarithm of 10 is 1:0 (10-to-the-first- 
power) i.e. 10 = 10!. So the logarithm 
of 100 is exactly double the logarithm of 
its square root, 10. This works for all 
numbers. Conversely, the logarithm 
of the square root of any number is half 
the logarithm of the number. A quick 
way of finding the square root of any 
number is first to look up the logarithm 
of the number itself in log. tables, and 
divide this number by two. The result 
of doing this is the logarithm of the 
square root. Subsequently the square 
root itself can be found by working 
backwards from the log. tables, or 
looking up the logarithm in the anti- 
log. tables. 


This square has been drawn so that its 
side is 1-732 long. In fact, its area is 
almost exactly 3 square inches. 3 is the 
square of | -732, and conversely | -732 
is the square root of 3. 


GEOMORPHOLOGY 


The Work 
of the SEA 


HE havoc created by severe storms 

at seaside resorts gives some idea 

of the power of the sea. In recent 
centuries, whole settlements have been 
destroyed on the east coast of Britain 
as the sea continued to attack the 
coast-line and destroy the cliffs. How- 
ever, the eroded material must go 
somewhere and it is deposited at other 
points on the coast, effectively extend- 


Submergent coastlines may be of Atlantic 
or Pacific types. These are well illustrated 
by the coasts of Southern Ireland (left) and 
Yugoslavia (right). 


ing the land. This, then, is the work of 
the sea: erosion, transport and de- 
position. The work is controlled by a 
variety of factors all delicately 
balanced and it may take only a small 
change to convert an erosion coast 
into one of deposition or vice-versa. 
Two basic types of coast-lines are 
recognised. These are the submergent 
and emergent coasts. Submergent 
coasts are very common at the present 


The erosive power of the sea is well shown here where boulder clay cliffs are being demolished. 


time for the sea-level has been rising 
since the last ice-age and flooding the 
coast-lines. Where the land’s features 
run parallel to the coast, numerous 
islands and long inlets are formed upon 
submergence. This type of coast is the 


A 


Waves in the open sea are disturbances of the water carried by wind. The water 


Wales and Southern Ireland show this 
feature very well. After submergence, 
erosion tends to exaggerate the features 
at first, but the inlets gradually be- 
come silted up and the headlands worn 
away until a regular coastal outline 


& not 


move forward in bulk but each particle at the surface describes a circular path as shown. T hese 
O 


disturbances are transmitted to the deeper layers as smaller circular paths. 


Pacific type and is well shown by the 
west coast of Yugoslavia. Where the 
structure is perpendicular to the coast, 
the latter is of the Atlantic type with 
long inlets and headlands. South 


develops on mature coasts. Erosion 
then proceeds at a more or less uniform 
rate all along the coast. 

Emergent coasts are not common at 
present. Raised beaches, salt marshes 


When a wave approaches the shore obliquely the inner end slows 
down first and the whole wave swings round and comes in nearly 
parallel to the beach. 


Wave action concentrates on the headlands of an irregular coast and 
tends to wear them down. A uniform outline will eventually be 


obtained if the rocks are of uniform hardness. 
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and flat-topped cliffs are associated 
with uplift of the land relative to sea- 
level. 

The erosive power of the sea de- 
pends, not on currents, nor to any 
great extent on tides, but on the waves. 
Waves are undulations of the water 
surface caused by the wind and they 
move forward in the direction of the 
wind. They start off in the open sea 
and increase in height and speed. The 
size depends upon the distance (fetch) 
over which the wind blows but the 
waves continue into regions well 
beyond the winds that formed them. 
It is, however, only the shape that 
moves forward, not the water itself. 
This is easily proved by watching 
floating objects: they ride up and down 
but do not move forward with the 
wave. The water travels on a circular 
path whose diameter is equal to the 
height of the wave from trough to 
crest. This movement sets up similar 
movements in the lower levels of water 
down to a depth corresponding ap- 
proximately to the wave length. The 
latter is the distance from one crest to 
the next. 

As the waves approach the shore 
and begin to disturb the sea-bed they 
are slowed down. Because of this 
feature, the waves tend to come in 
nearly parallel to the shore — if they 
start off obliquely, the inner part is 
slowed down first and the whole wave 
swings round parallel to the shore. 
When the wave reaches water whose 
depth is about the same as the wave 


The diagram shows 
how Lulworth Cove 
was formed by the 
breaching of the lime- 
stone and the erosion 
of the softer clays. 


JURASSIC 
: LIMESTONE 


Lulworth Cove — a good example of marine erosion in rocks of varying hardnesses. 


height, it can continue no longer and 
breaks. The breakers surge forward 
over the beach as surf, and then back 
down the beach as back-wash. 

As the breakers and on-shore cur- 
rents bring the surface-waters on to the 
beach an off-shore current (the under- 
tow) flows away from the beach. This 
current returning the water to the sea 
is sometimes very strong and a danger 


Caves formed on each side of a headland may unite and produce a natural arch (left). Collapse 


of the roof leaves a stack (right). 


to swimmers. 
Marine Erosion 

There are several ways in which the 
sea wears down the land. The power of 
the breakers as they crash upon the 
land is sufficient to crack and shatter 
many rocks. When cracks open up, 
water is forced in under high pressure 
and then, as it recedes, the water is 
allowed to expand rapidly. The effect 
is just like blasting and the rocks break 
up. By cutting into the land, the waves 
create overhangs in the rocks which 
gradually break off and develop into 
cliffs. This is the hydraulic action of 
the water. 

The rock boulders and_ pebbles 
broken from the cliffs are picked up by 
the waves and thrown at the rocks and 
then dragged back along the shore. 
This, too, adds to the effect of the 
water and is known as corraston. It must 
not be confused with corrosion, which 
is the chemical action of the water on 
the rock. The pebbles and boulders 
themselves gradually become rounded 
and worn down by continuous move- 
ment. This process is called attrition. 

The rate at which cliffs are cut back 
depends upon their hardness and upon 


Surf and backwash 
combine to move in a 
zigzag in the direc- 
tion of the prevalent 
} winds. 


Longshore drift is well shown by the heaping of shingle against the windward sides of 
groynes. 


the amount of debris that remains at 
their base. Soft rocks, such as the 
boulder clays of North-East England, 
are worn back very rapidly. The coast 
has receded more than two miles since 
Roman times. Granites and limestones 
are resistant and wear back much 
more slowly. 

As the waves cut back the cliffs they 
form a wave-cut platform at the base. 
The debris is swept to and fro on this 
platform and gradually wears it down 
so that a gentle slope is formed. The 
wider this platform becomes, the more 
it slows down the waves and thus the 
more it protects the cliffs behind. Such 
a platform can develop only where 
there are hard rocks. 

Bays develop where soft rocks such 
as clays and shales are being eroded. 
Hard rocks stand out as headlands for 
a time but gradually the forces of 
erosion and deposition combine to 
form a smoother coastline. When 
headlands stand out beyond the rest of 
the coast they receive the full force of 
the sea’s power and are worn back 
fairly rapidly. Caves frequently de- 
velop in limestone and other rocks. If 
two caves unite, a natural arch will be 


formed. Collapse of the upper part 
leaves a stack standing some way from 
the cliffs. 
Transport and Deposition of 
Eroded Material 

As the waves cut into the coast and 
remove the rock material, they carry 
the latter to and fro on the wave-cut 
platform and beyond. The debris con- 
sists of large and small boulders, sand 
and silt. Breakers coming on to the 
beach bring the debris with them and 
deposit it. The back-wash however is 
very weak and can carry back only the 
finer material, thus pebbles and 
shingle come to occupy the upper 
shore, followed lower down by sand 
and the silt. Heavy storms and high 
tides carry shingle far up the shore and 
deposit it as a storm beach. The latter 
has great value in protecting the coast 
from further erosion. In time the beach 
becomes adjusted so that at each point 
the slope is just sufficient for the back- 
wash and under-tow currents to carry 
away the material received with each 
breaker. Off-shore dredging may 
seriously upset the balance and whole 
beaches have been removed by the sea 
in order to regain its equilibrium. This 


can lead to serious erosion of the coast 
again. 

It is well known that sands and 
gravels move along the coasts as well 
as up and down the beaches. The 
famous Chesil Beach of Dorset in 
England contains many pebbles from 
Devon and Cornwall. This movement 
along the shore is called long-shore drift. 
It is partly due to currents on the 
continental shelf but mainly due to 
wave action. Only rarely do waves 
come in quite parallel to the beach, 
they are usually slightly oblique. The 
back-wash however is straight down 
the beach so that the sand and gravel 
traces out a zig-zag line and moves 
along in the direction of the prevailing 
wind. 

The existence of long-shore drift is 
well proved by the heaping of sand 
and shingle against the windward 
sides of the groynes that are built at 
some sea-side resorts. While the 
groynes may help to preserve the 
beach in the immediate neighbour- 
hood this practice has sometimes 
caused severe damage further along 
the coast by starving those regions of 
the flow of shingle. 

Where the coast-line is irregular, 
the long-shore drift may continue re- 
gardless of the shore-line, and in this 


Longshore drift continues in a line when the 
coast turns in at a bay or estuary. Spits are 
thus formed across the bay. 


way shingle spits develop across 
estuaries and bays. The southward 
drift of shingle on the east coast of 
Britain has produced fine examples of 
this. They include Spurn Head, 
stretching across the Humber estuary, 
and Orford Ness. The latter is a large 
spit which completely shut off the 
estuary of the river Alde in Suffolk and 
caused it to flow southwards for some 
miles before reaching the sea. Waves 
or currents normally limit the growth 
of spits. 


1271 


Preparing a section ready for 
staining 
| and 2 — Blocks of tissue are cut. 3 — Tissue 


SINCE the 1830's when Theodor 
Schwann concluded that all living 
things are made up of cells, each witha 
nucleus, much has been learnt about 
cells, their arrangement into tissues 
and the relationship of their minute 
structure to their chemistry. 
The early histologists studied mem- 
branes, tissue scrapings and teased 
preparations. Their microscopes were 


GSD 


Cells fixed and stained in a variety of 
ways to show that different structures are 
emphasised with different stains. 


imperfect and they had few reagents 
with which to emphasise any structural 
details. The development of methods 
of fixing and staining tissues, especi- 
ally thin tissue slices obtained with a 
microtome, enabled the fine structure 
of the cell and the nucleus itself to be 
investigated. 

Besides making use of various stains 
to show up cell structures under the 
ordinary light microscope, new tech- 
niques have been evolved whereby un- 
stained structures can be revealed. 
However, staining is still widely used 
both in the teaching of medicine and 
physiology and also in pathology — the 
routine study of disease. 

Before a tissue can be stained it has 
to be killed and then fixed. This pre- 
liminary treatment has several aims; 
to preserve the cells and their contents 
so that their visible appearance is as 
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blocks placed in fixative. 4 — Excess fixative 
is washed off and then water is removed (5) 
by passing it through a series of alcohols of 


STAINING TISSUES 


life-like as possible; after fixing, the 
tissue can then accept some stains more 
easily; it is hardened, so enabling it to 
withstand the later treatment -— cutting 
etc. — much better; and to prevent it 
from absorbing water and swelling. In 
point of fact most fixatives shrink or 
swell a tissue to some extent. 

There are many kinds of fixative, 
each acting in a particular way on a 
tissue. Some are acids, others are 
bases, and so on. The choice of fixative 
depends on the tissue involved and on 
the stains to be used and, therefore, on 
the structural details that it is in- 
tended to show. Thus acetic acid is 
suitable for fixing the nuclei of cells 
and the structures within the nuclei. It 
has little effect on subsequent staining 
but it causes considerable swelling of 
the cells. Potassium dichromate, on 
the other hand, fixes the cytoplasm in a 
very life-like manner. It penetrates the 
tissue slowly and fixing takes a long 


Staining a Section 


increasing strength. 6 — Cleaning — re- 
moval of alcohol by washing in benzene or 
similar fluid. 7 — Embedding — tissue block 


and CELLS 


time, but it causes little shrinkage. It is 
also an excellent hardener. Formalde- 
hyde, hot water, osmium tetroxide and 
mercuric chloride are other examples 
of fixatives. 

Before fixation, the tissue should be 
cut into small blocks, under half an 
inch long and about a quarter of an 
inch or so square. After leaving the 
tissue block in the fixative for the 
required time, excess fixative must be 
washed away so that later staining is 
successful. Tissue fixed with certain 
fixatives (acetic acid and mercuric 
chloride for example) must not be 
washed in water, but water is suitable 
with chromic acid, osmium tetroxide 
and potassium dichromate. 

It is usually necessary to embed 
animal tissue in paraffin wax or a 
similar material (e.g. celloidin) before 
it is sectioned. This enables it to be cut 
into thin slices with the microtome, 
just as bacon is on a bacon slicer. As 


| —Slide in xylol to dissolve wax. 2-—Section hydré 
through series of alcohols of decreasing strength. 3 
4 — Placed in haematoxylin stain. 5 — Excess stain on 
6—Colour of stain blued in ammonia solution. 7- 
amined under microscope to see if sufficient stain absor 
stain. 10 — Excess stain washed off in distilled water.) 
through series of alcohols of increasing strength washi 
time to remove excess eosin from tissue if nec 
12 —Slide. into xylol. 13 —Canada balsam over secti 
putting cover slip on. 


shed 


yashed off in distilled water. 


d in 
e Slide placed in eosin counter- 
Water removed by carrying 


i 


ore 


lowly by "B 


9 


placed in container of molten wax warmed 
in an oven. 8—Tissue block put in wax 
mould and wax allowed to solidify. 9 - Wax 


the wax and any water in the tissue 
will not mix, the tissue must be de- 
hydrated by washing in a series of ethyl 
alcohol solutions of increasing 
strength. The alcohol must then be 
removed —a_ process called clearing. 
Suitable clearing agents are xylene, 
benzene and cedar-wood oil. 

The cleared blocks of tissue are 
placed in small tubes containing suf- 
ficient molten wax to cover them, and 
these are placed in an oven at a tem- 
perature only a few degrees above the 
melting point of the wax (this avoids 
cooking the tissue). Several hours may 
be needed for the wax to penetrate the 


tissue evenly. The blocks of tissue are } 


then placed in a mould containing 
molten wax, and this is allowed to 
solidify around the block which is held 
with forceps in the desired position. 
The block containing the section is 
then placed on the microtome and 
sectioned. 

Staining relies on the different 
chemical and physical properties of 
the cell and its constituents. Stains are 
coloured organic substances — gener- 


in distilled water. 


distilled water. 8 — Ex- 


<i 


block containing tissue cut to shape and 
placed (10) on microtome. || — Wax section 
on slide. 


ally salts — that combine either chemic- 
ally or physically with the substances 
in the cells. Some dyes will not attach 
themselves directly to the tissue. A sub- 
stance called a mordant is used to ‘key’ 


Examining a slide to see if the correct amount of stain has taken. 


the one to the other. The mordant is 
often applied to the tissue first, 
followed by the stain, or the two may 
be mixed and applied together. 

Although just one stain may be 
used, it is more usual to apply two or 
three stains of contrasting colours. 
When the stains are applied separately 
the process is called counter-staining. 
The simultaneous use of two (or three) 
stains is known as double (or triple) 
staining. 

The most commonly used staining 
method for animal tissue is one using 
haematoxylin and eosin (the tissue is 
said to be stained with haematoxylin 


and counter-stained with eosin). The 
nucleus and its structure are stained 
purple or blue and the cytoplasm red, 
except in cartilage where some parts of 
the cytoplasm are stained blue. 

Counter-staining often involves the 
displacement of one dye by another. 
That is, the tissue is first stained with 
one dye which colours all the tissues: 
a second dye is then applied and this 
works with the first, gradually dis- 
placing it, until distinct structures are 
left with different colours. 

There are two basic staining 
methods. Firstly, in retrogressive stain- 
ing, the tissue is overstained. The 
excess of stain is gradually removed (a 
process known as differentiation) until 
the right amount remains. Secondly, 
in progressive staining, the quantity of 
stain in the section is gradually in- 
creased until a perfect specimen is 
obtained. The former method is 
quicker and more critical, and with 
experience will produce better results. 
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ELECTRONICS 


The 4th Stage of the Transistor 


'Y the time the radio signal has gone through the first four 
stages of the transistor set, all that remains is the 
wanted ‘message’ part of the signal. Already the signal has 
passed from the aerial through three transistors, where it 
has been ‘mixed’, or heterodyned and amplified. Then it 
passed through a semi-conductor diode and was ‘detected’ 
so that the wanted audio frequency part was turned into 


to-and-fro surges of current, moving to-and-fro at an audio 
frequency. (Audio, or hearable frequencies range from 20 
cycles per second to 20,000 cycles per second). 

Not until now is the signal capable of producing an 
audible sound when it is fed into a loudspeaker. But if the 
signal as it now stands were fed into a loudspeaker, it 
would produce very little sound at all. It needs amplifying 
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further, and this is the job done by the fourth stage of the 
super-het. 

The further amplification is done in two parts, one 
transistor being used in the first part, and two in the second. 
These transistors are of a different type from the transistors 
used in previous stages, which had to cope with high 
frequency signals. 
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ENTRY-POINT 
FOR SIGNAL 


On entering the base of the first transistor, the signal 
current either blocks or frees the route through the tran- 
sistor, from emitter to collector. As a much larger direct 
current is normally being pushed through the transistor 
(by the battery), just a tiny current alternately blocking 
and freeing the route from emitter to collector can cause 
considerable variations in the much larger current. In 
other words, the small signal current variations are 
amplified into much larger variations. 

From this transistor, the signal goes on, via the collector, 
to the next pair of transistors. 

Here the circuit arrangement is rather different. The 
two transistors are to do about the same amount of ampli- 
fication as one transistor. While this may seem to be a 
waste of a transistor, there are good reasons for including 
an extra one. 

The main reason is that it draws less current from the 
battery. In addition it works out to be more efficient when 
operating under full power. The signal is shared between 
the two transistors; one transistor amplifying the current 
‘pushes’ and the other amplifying the current ‘pulls’. 
Consequently the arrangement is called a push-pull 
amplifier. 

As each transistor is dealing with only half the signal, a 
signal twice as large can be amplified without the un- 
pleasant effects which accompany putting a large signal 
through a single transistor. A large signal may be distorted, 
and so much current may be flowing through the transistor 
that it overheats and ‘burns out’. After they have been 


Super-het 


amplified, the two signals will be combined again and fed 
to the loudspeaker. 

The signal is divided into two as follows. From the 
collector of the first transistor of this stage, the signal passes 
through a coil, which is in fact the primary coil of a trans- 
former. The secondary transformer coil is divided exactly 
into two. When a current flows in the primary coil, it 
induces a current to flow in the secondary coil. The mid- 
point of this secondary is connected in such a way that the 
‘pushes’ of the current go to one transistor (this is the 
current induced in one half of the secondary coil) while the 
current ‘pulls’ go to the other transistor. ‘Pulls’ and ‘pushes’ 
enter the bases of their respective transistors, and, as they 
did in previous stages of amplification, the small ‘pushes’ 
and ‘pulls’ cause much larger ‘pushes’ and ‘pulls’ in the 
current flowing through the transistor. 

‘Pushes’ and ‘pulls’ are recombined. The combined 
current flows through another transformer coil, which is 
the primary coil of the final transformer, leading to the 
loudspeaker. The power necessary to operate the loud- 
speaker is transferred across to it through this transformer. 

Combined signal currents induce currents in the loud- 
speaker coil. Because a current is flowing around the loud- 
speaker coil, it behaves like a magnet, and alternatively 
attracts and repels another magnet in the loudspeaker. ‘The 
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The feedback components take some of the signal back to the 
beginning of the stage. 


to-and-fro movements of the magnet, caused by the to-and- 
fro variations in the signal current, are transmitted to the 
flexible cone of the loudspeaker. The cone vibrates in 
sympathy with the to-and-fro, ‘pushes’ and ‘pulls’ of the 
electric current in the circuit, disturbs the air around it, and 
makes an audible sound. 
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Benzene in Substitution Reactions 


- 


NITRO- 
BENZENE 


Nitrobenzene is formed by adding a mixture of concentrated nitric acid and concen- 
trated sulphuric acid to benzene. One hydrogen atom is thereby replaced by a nitro 
(-NO,) group. If the temperature of the reaction mixture is allowed to rise above about 
50°C, a second nitro group enters the benzene ring. 
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By bubbling chlorine gas through benzene in the presence of a catalyst such as iron 
filings or aluminium chloride, a double see oda reaction occurs in which one of 


the hydrogen atoms in the benzene ring is exc 


anged for an atom of chlorine. The pro- 


ducts are chlorobenzene and hydrogen chloride. 
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resence of aluminium chloride, benzene reacts with methyl iodide to yield 
his important reaction is known as the Friedel-Craft’s synthesis — by using 


different alkyl halides, longer hydrocarbon chains can be linked directly to the benzene 


ring. 


HE unsaturated hydrocarbon, 
ethylene (C,H,) is quite reactive. 
It will, for instance, readily combine 
with chlorine to form ethylene di- 
chloride (C,H,Cl,). Molecules of ethy- 
lene can also be made to combine with 
one another to yield the plastic sub- 
stance polyethylene (or polythene). In 
common with quite a number of other 
reactive organic compounds, ethylene 
contains two carbon atoms linked by 
double bonds which are easily broken 
in addition reactions — reactions in 
which other atoms or groups are added 
on to the molecule. Although the 
molecular formula for benzene (C,,H,) 
suggests that some of its carbon atoms 
are linked by double bonds, benzene 
does not readily take part in addition 
reactions. 

There is still some doubt as to the 
way in which the carbon and hydro- 
gen atoms are bound together in the 
benzene molecule. Almost a hundred 
years ago Friedrich August Kekule 
proposed a ring structure for benzene. 
Furthermore, he suggested that for the 
four valencies of each carbon atom to 
be satisfied, the six carbon atoms 
should be linked by alternate double 
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and single bonds. 

The cyclic structure of the benzene 
molecule is now firmly established, 
but the nature of the bonds is still in 
dispute. Kekule’s model infers that 
there are two different types of bond 
holding the ring together and it is to 
be expected that the double bonds 
would be more reactive. However, in 
chemical reactions all the carbon- 
carbon bonds in the benzene ring 


ORGANIC CHEMISTRY 


TH 


appear to have the same strength. But 
in spite of this the hexagon with alter- 
nate single and double bonds is still 
used to represent benzene in equa- 
tions. 

The contrasting properties of ben- 
zene and of the other hydrocarbons 
(paraffins, olefines and acetylenes), 
which have been described in previous 
articles, may be attributed to the 
marked difference in their structures. 
In fact, these differences form the basis 
of an important classification of or- 
ganic substances. Benzene, together 
with some of the other compounds 


containing the six-membered benzene 
ring, have a rather pleasant odour, 
and as a consequence compounds con- 
taining at least one benzene ring are 
said to be aromatic. Those hydro- 
carbons and related compounds which 
have an open chain of carbon atoms as 


BENZENE RING 


a ‘backbone’ are referred to as ali- 
phatic substances. 

Although benzene is quite reactive, 
the benzene ring itself is remarkably 
stable and quite drastic steps have to 
be taken to completely disrupt the 
ring. One way of doing this is to form 
an ozonide by bubbling ozone through 
benzene. The ozonide may be hydro- 
lysed subsequently to yield the alde- 
hyde, glyoxal (CHO),. 

In contrast with the unsaturated 
aliphatic hydrocarbons (e.g. ethy- 
lene), benzene undergoes substitution 
reactions rather more readily than 
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The benzene ring with alternate single 
and double bonds as proposed by Kekulé 
is shown on the left. It is now thought that 
the fourth valence electron from each of 
the six carbon atoms forms part of an 
electron cloud which is shared by the 
whole molecule (above). 


addition reactions. In the substitution 
reactions one or more of the hydrogen 
atoms is exchanged for another atom 
or group [e.g. chloride (— C1), methyl 
(CH, —) nitro (— NO,)]. 

If two hydrogen atoms in each 
benzene ring are to be replaced by 
another group it is theoretically pos- 


| BENZENE 
(A RING COMPOUND) 


Isomers of Formula C,H, 


sible to obtain three different struc- 
tural isomers. In practice this is not so 
easy to achieve since the first sub- 
stituent group has a controlling in- 
fluence over any subsequent reactions. 
This group determines both the 
position in the benzene ring which will 
accommodate the next substituent 
group and the ease with which the new 
group can enter the molecule. Dif- 
ferent groups already in the benzene 
ring have different effects on sub- 
sequent reactions. 

The benzene ring also has its effect 
on the substituent groups. Consider, 
for instance, the difference between an 
aliphatic alcohol (e.g. ethyl alcohol) 
and phenol. Although in each com- 
pound one hydrogen atom has been 
replaced by an hydroxyl (— OH) 
group, ethyl alcohol is a neutral sub- 
stance whereas phenol has acidic 
properties. 

A group attached to the benzene 
ring is quite easily oxidized with 
alkaline potassium permanganate or 
nitric acid and the carbon atom 
directly attached to the benzene ring 
is more reactive than carbon atoms 
further along the side chain. 

As already mentioned, benzene also 
undergoes addition reactions. For ex- 
ample asaturated cycloparaffin (cyclo- 
hexane) can be obtained by passing 
benzene vapour and hydrogen over 
nickel which has been heated to 150°C. 
In the presence of ultra-violet light 


DIVINYL ACETYLENE 
(A CHAIN COMPOUND) 


There are several different ways of representing structurally the formula C,H,. Two 
of the isomers can be obtained by polymerizing the unsaturated hydrocarbon acetylene 
(C,H,): 

= BGs 5 Pavan OOM 
If the acetylene is passed along a tube which is heated to 400°C, small quantities of 
benzene together with other hydrocarbons are formed. However, if the gas is bubbled 
through a solution of cuprous chloride, a much more reactive hydrocarbon with the 
same molecular formula is obtained. This reactive product is called divinyl acetylene. On 
the basis of the various chemical reactions which these two compounds undergo, it has 
been possible to assign to them the two structural formulae shown above. 


Friedrich August Kekule (1829-1896) 
who proposed the ring structure for benzene 
in 1865. 


halogens can be added on to the 
benzene ring. Benzene hexachloride is 
formed when chlorine is passed 
through warm benzene which has 
been subjected to ultra-violet radia- 
tion. 
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BIOLOGY 


THE PLACENTAL MAMMALS 


E Platypus and the Echidnas are 

mammals that lay eggs. The 
young hatch as very immature indi- 
viduals entirely dependent on their 
mother for some time after birth. 
Young platypuses are unable to see for 
the first eleven weeks of their life. ‘The 
pouched mammals (e.g. Kangaroos) 
do not lay eggs, but they give birth to 
very undeveloped young after they 
have spent an extremely short period 
of development within the mother. 


molecules) are continually carried to 
them. Within the mother they are also 
protected. Placentals have an almost 
constant body temperature, main- 
tained above that of the surroundings. 
An embryo enclosed in this way within 
remarkably constant surroundings for 
a long period of time, can reach a high 
degree of development (though not all 
placentals are well developed at birth 
and a considerable period of maternal 
care is often necessary). A placenta is 


Red deer stags fight amongst themselves for 
the hinds during the autumn. The stags have 
antlers but the females (inset) lack them. 


They continue their development 
clinging to the nipples of the mother 
inside a pouch. The young of placental 
mammals, however, have a _ long 
period of development within the 
mother. This is permitted by means of 
an elaborate organ, the placenta. It 
allows extremely close contact between 
the blood vessels of the mother and 
those of the growing embryos so that 
adequate supplies of food (e.g. sugar 


one of several important factors that 
allow the great development of the 
nervous system associated with pla- 
cental mammals, and so their whole 
behaviour patterns are more compli- 
cated. A young Giraffe can run almost 
as fast as its parents soon after its birth: 
a young Zebra can leap in the air. A 
newly born Opossum, on the other 
hand, is able merely to make the 
journey to the pouch. For this purpose, 


Several Stages in the Early Development of the Pig. 


FERTILIZATION — A 
SPERM PENETRATES 
THE EGG, ITS NUCLEUS 
FUSES WITH THAT OF 
THE EGG 


THE FERTILIZED EGG 
STARTS TO GROW 
BY DIVIDING INTO 
TWO 
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GROWS 


only the forelimbs and associated 
nerves are well developed. 

The placenta is formed from the 
lining of the mother’s uterus and cer- 
tain of the embryonic tissues — the 
allantois. For this reason it is known as 
an allantoic placenta. The placenta is 
rich in blood vessels, partly supplied by 
the mother and partly by the embryo 
or foetus. Food materials and oxygen 
pass from the blood vessels of the 
mother into those of the foetus, and 
waste substances (e.g. urea and carbon 
dioxide) in the reverse direction. The 
placenta persists throughout the de- 
velopment of the young. 

The length of time that the young 
are carried by the mother varies from 
three weeks in House mice to twenty- 
two months in Elephants. 

Courtship and display in mammals 
is rarely as spectacular as that found in 
birds. Nevertheless, elaborate signal- 
ling methods exist for bringing the 
sexes together. In most mammals the 
sense of smell is of great importance in 
this respect, particularly in the initial 
stages. For example, the urine of a 
female Red Squirrel excites the male, 
and a female Sable in heat leaves an 
oily trail on surrounding objects. In 
some species there are noticeable dif- 
ferences between the sexes other than 
in the reproductive system. These are 
known as secondary sexual characters. 
Thus a male Lion is maned and a male 
Red Deer has antlers. Some mammals, 
especially primates (Man, Apes, Mon- 
keys, etc.) make particular use of facial 
expressions. 

The majority of female placentals 
will pair only at certain times of the 
year. Each of these is referred to as 


EACH CELL HAS FURTHER DIVISIONS SECTION SHOWING FEATURES OF HEAD AND 

DIVIDED TWICE PRODUCE A OUTER SPHERE OF CELLS EMBRYO BEGINNING TAIL STILL 

TO PRODUCE EIGHT GOOSEBERRY-LIKE (TROPHOBLAST) AND INNER TO APPEAR - HEAD, MORE OBVI 
CELL MASS CELL MASS FROM WHICH EMBRYO TAIL ETC., PLACENTA 


WELL FORMED 


TO APPEAR 


PLACENTA 
UMBILICUS 


jOUS 
AND MANY INTERNAL 
STRUCTURES BEGINNING 


‘oestrus’ or ‘heat’. Oestrus is preceded 
by a preparatory phase called proestrus. 
The beginning of this period marks the 
onset of the sexual season. Eggs begin 
to develop in the ovaries and there are 
other marked changes in the reproduc- 
tive organs. Activities of the endocrine 
system ‘prepare’ the nervous system of 
an individual so that it reacts in the 
correct way to stimulation by indi- 
viduals of the opposite sex during 
oestrus. 

The whole variety of internal and 
external changes is designed to bring 
male and female together at the right 
time — the chances of fertilization are 
high, therefore. To ensure that the 
fertilized egg is protected and 
nourished from the start, the uterus is 
fully prepared to receive it. If an egg is 
fertilized successfully, and is retained 
within the body of the female, gestation 
follows. This is the period during 
which the young are nourished and 
protected within the mother. Gesta- 
tion is followed by nursing or /actation — 
the suckling phase during which the 


The youre of a rabbit are very undeveloped at birth. They are 
suckled on milk supplied by the mammary glands of the mother. 


young feed on the mother’s milk. A 
resting, non-breeding phase (anoestrus) 
may follow lactation. In the rat the 
birth of the young is followed by 
another proestrus and oestrus during 
lactation. Alternatively, lactation may 
be followed almost immediately by 
another period of ‘heat’. 

If fertilization does not occur, 
oestrus is followed by a brief recovery 
period — metoestrus. Then the changes 
that occurred during proestrus and 
oestrus slowly subside. Alternatively 
changes occur similar to those that 
take place during pregnancy. The 
pseudopregnant period is longer than 
metoestrus. Pseudopregnancy is then 
succeeded by another oestrus or in 
some instances anoestrus. The changes 
described above constitute the oestrous 
cycle. If fertilization occurs it will be 
interrupted by the gestation period. In 
many primates, including Man, the 
thickened lining of the uterus, built up 
during pseudopregnancy, sloughs off 
together with some loss of blood, a 
process called menstruation. 


EMBRYO OF ABOUT SIX WEEKS 


There is considerable variation in 
the length of the oestrous cycle in dif- 
ferent species. In the White Rat it is as 
short as five days, but in the Chim- 
panzee takes five weeks. Some species 
(e.g. Bears) have only one oestrous 
cycle per year. They are said to be 
monoestrous. Polyoestrous species (e.g. 
most primates) have several cycles in 
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The reproductive system of (left) a male 
and (right) a female rabbit. Note that 
uterus is double (single in man). 


the course of a year. Occasionally 


PIG-LIKE SNOUT 
NOW OBVIOUS, EARS 
BECOMING MORE VISIBLE 


SUCH FEATURES AS TOES, ETC. NOW CLEAR 


EYES, LIMBS AND 
TAIL BECOMING 
MORE OBVIOUS 


climatic conditions will affect an 
animals’ physiology so that while it 
has a definite breeding season over 
part of its range, it will breed all the 
year round over the remainder. 

The act of pairing usually takes 
place on land, but whales and their 
relatives, the Muskrat, the European 
Otter and certain seals, pair in water. 
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PHYSICAL CHEMISTRY | 


THE LAW of CONSTANT COMPOSITION 


HERE is no definite formula for 
the composition of a mixture. If 

you want to mix one spoonful of sugar 
with your tea, you can; if you want to 
mix two, you can. A pinch of sulphur 
can be mixed with a pound of iron 
filings or a pound of sulphur can be 
mixed with a pinch of iron filings. It is 
possible to prepare mixtures of com- 


Verifying the Law. 


EMPTY POWDERED 
CRUCIBLE COPPER 


aaah WEIGHT OF 
CRUCIBLE + 


chucieLe COPPER 6 GM 


THE CRUCIBLE 
IS HEATED 
UNTIL ITS 
WEIGHT IS 


HEATING 


COPPER OXIDIZED- 
COPPER 


WEIGHT OF 
CRUCIBLE 
+COPPER 
OXIDE 
6:2519 GM 


COMPOSITION OF COPPER OXIDE 
PREPARED BY BOTH METHODS |S:— 


COPPER 79-9% 
OXYGEN 20:1% 


Copper oxide prepared by two differ- 
ent methods has the same composition. 


plete ranges of compositions. 

But this is certainly not true of com- 
pounds, for where the elements are 
chemically combined, they are always 
present in certain proportions by 
weight. For example, iron sulphide, 
the compound of iron and sulphur, 
always contains 56 grams of iron for 
every 32 grams of combined sulphur. 
Iron sulphide is 36-4°% sulphur and 
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63°6% iron. Provided the compound 
is pure, its composition will always be 
the same. 

This is known as the law of constant 
composition. The full statement of it is: 
All pure samples of the same chemical com- 
pound contain the same elements chemically 
combined in the same proportions by weight. 

This is quite independent of the way 


WEIGHT 


© : 
5 GM 


CRUCIBLE 


EMPTY 
CRUCIBLE 


CONCENTRATED NITRIC 
ACID IS ADDED DROP 
BY DROP 


UNTIL THE 


COPPER JUS 
NT 
J 


ih 


THE COPPER 
OXIDE 


the compound has been made. Pure 
water always has the same com- 
position by weight, irrespective of 
whether it has been synthesized from 
its elements by burning hydrogen in 
oxygen or it is water of crystallisation 
released from some crystals of copper 
sulphate by strongly heating them. 
Even the water vapour in the breath, a 
product of respiration (the burning of 


food in the body to produce energy) 
has the same composition. 

The law can be verified by making 
two samples of copper oxide, each by 
a different method and then working 
out the composition of each sample. In 
both cases metallic copper is the start- 
ing point. It can be converted directly 
to the oxide by strongly heating in air 


WEIGHT - CRUCIBLE 


OPPER 5:5 GM 


POWDERED 
COPPER 


THE CRUCIBLE 
IS HEATED 
SLOWLY UNTIL 
ALL LIQUID 
DRIVEN OFF 


CONTINUES UNTIL 
WEIGHT REMAINS 
THE SAME AFTER 

EACH HEATING 


bapa 


ey 


OXIDE 5 *26 GM 


chuciaLe 
+COPP! 


or dissolved in concentrated nitric acid 
to convert it to the nitrate. Strongly 
heating the nitrate decomposes it, 
driving off oxygen and oxides of 
nitrogen. The oxide of copper is left 
behind. The compositions of both 
samples of copper oxide can be calcu- 
lated and proved to be the same. Its 
composition is constant and does not 
depend on the method of manufacture. 


FAMOUS SCIENTISTS 


PAVLOV 
and his 


DOGS 


UMAN beings and other animals 

are born with certain abilities 

(e.g. sucking, crying etc.), but the 
vast number of techniques that they 
will later need have to be learned. 
One of the ways in which this is done 
is by building on the natural physical 
abilities (reflex actions) to produce new 
and different abilities (conditioned re- 
flexes). The most famous experiments 


LOWER PORTION 
OF OESOPHAGUS 


PAVLOV 
POUCH 


ESTINE 
(DUODENUM) 


MAIN PART 
OF STOMACH 


CONTAINER FOR a 
COLLECTING SAMPLE OF 
GASTRIC JUICE 


By an ingenious operation Pavlov separated 
off part of the stomach. He collected its 
gastric juices through an opening in the 
abdominal wall. 


relating to this were carried out on 
dogs by the Russian physiologist Ivan 
Petrovitch Pavlov. 

Pavlov noted that a dog produced 
saliva in its mouth when offered food. 
Every time Pavlov fed the dog he 
sounded a bell. Eventually he found 
that the dog produced saliva when the 
bell was sounded, even though no food 
was offered. In other words a new 
‘conditioned reflex’ had been ‘learned’, 
which was not a natural reflex action. 
Pavlov’s theory of ‘conditioned re- 
flexes’ helps to explain only some of 
the ways in which we learn. Also, his 


later theories on the role of the brain 
in the formation of ‘conditioned re- 
flexes’ are not supported by experi- 
mental evidence. However, there can 
be no doubt that Pavlov’s work 
opened up new fields of investigation 
in nervous physiology and psychology. 

Pavlov was born at Ryazan in 1849. 
He studied at the university of St. 
Petersburg and at the Medico-Surgical 
Academy, graduating in 1883. During 
his early researches he discovered the 
nerve fibres supplying the heart and 
also those to the pancreas. For twenty 
years he continued his study of the 
digestive glands, showing that the 
mere presence of food in the mouth 
was sufficient to cause the gastric 
juice to be released in the stomach: 
the food does not have to reach the 
stomach. 

By means of an ingenious operation 
Pavlov was able to isolate part of the 
stomach, creating a pouch — a Pavlov 
pouch — that had an opening to the 
outside through the abdominal wall. 
He took care not to disrupt the blood 
or the nerve supply of the pouch or to 
interfere with the passage of food 
through the rest of the stomach. On 
taking food therefore, or merely by 
the animal looking at it, a rich supply 
of gastric juice was obtained through 
the abdominal opening. 

For his outstanding work on the 
physiology of the digestive glands 
Pavlov was awarded the Nobel prize 


Pavlov used dogs in many of his experiments, 
especially in his study of conditioned re- 
flexes. Each time the dogs received food 
he rang a bell. Eventually the dogs salivated 
when the bell was rung and no food given. 


Pavlov, a great experimentalist, received 
the Nobel prize for medicine in 1904, for 
his outstanding work on the physiology of 
the digestive glands. 


for medicine in 1904. From 1907 
onwards he turned his attentions to 
‘conditioned reflexes’. 

By means of a series of brilliant 
experiments he showed that such 
reflexes are linked with certain regions 
of the forebrain and thus he mapped 
out areas with different functions. 

Pavlov undoubtedly owed much of 
his success to his great operative 
skill. In his later years he devoted 
much of his time to psychiatric work, 
examining many patients with 
diseased brains. This work, with that 
of Freud, contributed much to the 
science of psychology. He died in 1936. 
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ELECTRICITY 


FARADAY’S LAWS 
OF ELECTROLYSIS 


UTTING a wire in an electric 
circuit stops the flow of current 
because low voltage electricity can 
only jump a very small gap. The air 
between the ends of the wires is non- 
conducting and acts as an insulator, 
stopping the current from flowing. If 
the two ends are dipped in oil, still no 
current flows because oil, like air, is 
another insulator. 

The current can be made to flow 
again by dipping the wire into a 
solution of a salt or an acid or an 
alkali. Molten salts also give the same 
results. Because they are capable of 
conducting electricity, all these liquids 
are known as electrolytes. 

When an electric current flows 
along a piece of copper wire, it 


remains virtually unchanged. When 
the current is switched off, the wire is 
just the same. It is still made of copper. 
It may be a bit hotter than when it 
started out but certainly no chemical 
change has taken place. 

However, chemical changes do take 
place when most liquids apart from 
mercury are made to conduct electri- 
city. The changes take place at the 
electrodes (the bare wires dipping into 
the solution). Sometimes the negative 
electrode (cathode) grows fatter at the 
expense of the anode, (the positive 
electrode). The deposited layer of 
metal grows thicker and thicker as 
more electricity is passed. Bubbles of 
gases sometimes rise from the elec- 
trodes. When acidified water is electro- 


1-118 grams of silver are deposited on the cathode by the passage of 1,000 coulombs of 
electricity. 2,000 coulombs deposit twice as much silver and 3,000, three times as much. 
This is in accordance with Faraday’ s first law of electrolysis. 


STOP CLOCK 


ACCURATELY 


WEIGHT INCREASE OF 
2-236 GM 


3,000 COULOMBS 
OF ELECTRICITY 
DEPOSITS 3-354 GM 
OF SILVER 
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lyzed, bubbles of hydrogen rise from 
the cathode and oxygen bubbles are 
given off at the anode. 

Faraday’s laws do not predict what 
will happen when substances are 
electrolyzed. This is easy to discover 
by experiment. But they can be used 
to predict the quantities of substance 
liberated. 

Faraday’s first law of electrolysis 
states that the weight of a substance 
liberated during electrolysis is proportional 
to the quantity of electricity passed. 

The quantity of electricity depends 
on two factors, the size of the current 
and the time for which it is passed. For 
example, in terms of quantity, a cur- 
rent of 1 ampere flowing for 10 
minutes is the same as a 2 ampere 
current flowing for five minutes or 
even a 5 ampere current flowing for 2 
minutes, and the same weight of 
copper would be deposited under all 
three conditions. 

Just as weights are measured in 
grams, so current quantities are 
measured in coulombs. One coulomb 
is the quantity of electricity which 
passes when a current of one ampere 
flows for one second. If two amperes 
flow for 10 seconds, then 20 coulombs 
of electricity have passed. Quantity of 
electricity in coulombs = current X 
time. 

If one gram of copper is deposited 
by a certain quantity of electricity, 
twice the quantity will deposit 2 grams 
and three times the quantity of elec- 
tricity, 3 grams etc. This is another 
way of expressing Faraday’s first law. 

When acidified water undergoes 
electrolysis, it splits up into its com- 
ponent elements, hydrogen and oxy- 


gen. Bubbles of hydrogen escape from 
the cathode and oxygen from the 
anode. When all the gases escaping 
from each are collected, it is found that 
8 grams of oxygen are given off for 
every gram of hydrogen liberated. 
The same quantity of electricity 
needed to release 8 grams of oxygen 
sets free 35-5 grams of chlorine when 
molten sodium chloride is electro- 
lysed. 8, 1 and 35°5 grams are the 
equilavent weights of oxygen, hydrogen 
and chlorine. 


should be liberated in quantities pro- 
portional to their equivalent weights 
rather than their atomic weights. Two 
atoms of hydrogen can each ferry 
across a current electron. But because 
it is divalent, a single atom of oxygen 
can transport the same quantity of 
electricity. Therefore for every two 
atoms of hydrogen liberated there will 
be only one of oxygen and for every 
gram of hydrogen liberated, 8 grams 
of oxygen will be given off. 

So the same quantity of electricity 


For every gram of hydrogen liberated 8 grams of oxygen are released. 1 and 8 are the chemical 
equivalents of hydrogen and oxygen. This is in accordance with Faraday’s second law of 
electrolysis. 


Faraday’s second law states that the 
weights of different substances liberated by 
the same quantity of electricity are propor- 
tional to their chemical equivalents. 


The equivalent weight of any ele- 
ment can be calculated by looking up 
its atomic weight and dividing this by 
the valency. Oxygen has an atomic 
weight of 16 and a valency of 2. Con- 
sequently its equivalent weight is 8. 
Because chlorine has a valency of 1, 
the atomic weight and the equivalent 
weight are the same. Likewise for 
hydrogen. 

It is quite reasonable that elements 


MOLECULE OF 
HYDROGEN 


2 VOLUMES 


4 GM OF HYDROGEN ARE GIVEN OFF FOR 
EVERY 32 GM OF OXYGEN 


THEREFORE FOR EVERY GRAM OF 
HYDROGEN LIBERATED 8 GMS OF 
OXYGEN ARE SET FREE. 

| AND 8 ARE THE CHEMICAL 


EQUIVALENTS OF HYDROGEN AND 
OXYGEN. 


is required to release equivalent 
weights of any element. By experi- 
ment, this value has proved to be 
96,500 coulombs. The passage of 
96,500 coulombs of electricity will 
liberate 1 gram of hydrogen, 8 of 
oxygen, or 355 grams of chlorine. 


2 AMPERES 


QUANTITY OF ELECTRICITY 
= CURRENT SIZE x TIME OF 
FLOW. 


Quantity of electricity is measured in 
coulombs. When a current of 2 amperes 
flows for 5 seconds, 10 coulombs of elec- 
tricity have passed. 


This fact together with the two 
laws can be used to work out actual 
weights of substance liberated in 
electrolysis. 

How much electricity will be needed 
to deposit 10 grams of sodium ? 96,500 


coulombs deposit an equivalent weight 
of sodium (23 grams). Therefore 10 
grams would be deposited by 96,500 x 
42 coulombs of electricity. With a 
fixed current it is quite easy to work 
out how long the operation will take. 

The reverse also holds good. If 
it is known how much metal has been 
deposited then it is easy to calculate 
the quantity of electricity responsible. 
This is in fact a very accurate way of 
assessing quantities of electricity. It is 
usually done by determining the 
weight of copper deposited on a 
cathode. Because weighings can be 
made with great accuracy, the final 
result is also very accurate. The vessel 
in which this is performed is known as 
a copper voltameter — an entirely differ- 
ent instrument from a voltmeter. 


In electrolysis, the passage of 96,500 coulombs of electricity liberates an equivalent weight 
of substance. For example 96,500 coulombs of electricity liberates 8 grams of oxygen. 
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) 
CENOZOIC 


NORTH AMERICA. 


HE Mesozoic Era (the ‘middle era of life’) ended with the close of the 
Cretaceous period some seventy million years ago. By this time the map 

of North America had attained something like its present shape. During the 
succeeding Cenozoic Era (‘recent era of life’) the region suffered no major sub- 
mergence, but earth movements and 70 million years of erosion have transformed 
the land and produced its present geographical features. Most of the cenozoic 
deposits are therefore continental (i.e. non-marine) but are widespread and rich 
in fossils, thus enabling the geologists to unravel the recent history. Several 
divisions are recognised within the Cenozoic Era. The two major divisions 
are the Tertiary Period and the Quaternary Period and these contain a number of 


epochs. 


FLAT-TOPPED APPALACHIAN HILLS 


The Atlantic and Gulf Coasts were 
covered by sea for much of the Cenozoic. 
The rocks of this region are mainly sands, 
clays and chalky marls, extending two 
hundred miles or so inland. The Missis- 
sippi river was in existence in the 
Palaeocene, for the rocks of the western 
Gulf coast are non-marine and contain 
much lignite (low grade coal). Obviously 
the river and its tributaries maintained a 
swamp area there. Great thicknesses of 
cenozoic deposits in the Gulf of Mexico 
indicate that this region was sinking 
slowly as the Mississippi brought down its 
sediment. Further south in Central 
America however the land was rising and 
late cenozoic sediments are thin or 
missing. 

By the end of the Mesozoic, the Ap- 
palachian region in eastern U.S.A. was an 
almost flat plain (peneplain). During the 
Cenozoic this region gradually rose up to 
form the present Appalachian mountains. 
There was no severe folding, for resistant 
rocks still show the original flat surface 
although they have been uplifted several 
thousand feet. Erosion of the softer rocks 
and intermittent uplift have helped to 
create the complex scenery of the 
mountains. 

The Laramide Orogeny at the end of the 
Mesozoic lifted the Rocky Mountains into 
a rugged region. Several ‘basins’ were left 
between the peaks and these filled up 
with sediment so that by Oligocene times 
the region was quite flat, the mountains 
worn down and buried in their own 
material. Later uplifts caused rivers to cut 
down and re-excavate the basins and to 
produce the present form of the mount- 
ains. The summits still show remnants of 


GLYPTODON 


the flat Oligocene surface. Much of the 
material removed during the early ero- 
sion was deposited on the plains to the 
east of the mountains. Some of this 
remains as the High Plains but the rest 
has been eroded to some degree. The 
clays and sands have often developed into 
badlands because of rapid soil erosion. 
The Grand Canyon, too, results from 
cenozoic uplift causing the Colorado 
river to cut down through thousands of 
feet of rock. 


The Pacific coast was subjected to 
various uplifts and submergences during 


the Cenozoic but at no time did the sea 
cover extensive areas. Thick terrestrial 
deposits accumulated in troughs sur- 
rounding the Sierra Nevada mountains 
which were rising at the time. 

Volcanic activity was important during 
the Cenozoic Era. The earth movements 
associated with the Laramide orogeny 
piers building) died down in the 

ocene, but in Miocene times renewed 
movements arose and continued on and 
off until the Pleistocene. Large areas of 
Columbia are covered with volcanic lava 
and in other places river cliffs show 
several successive lava flows. 

The climate during the early Cenozoic 
was warm, even in the north (as shown by 
the presence of various fossil plants). 
Gradually however it cooled until, in 
Pleistocene times, the Great Ice Age 
began. The present surface of the north- 


ern part of the continent has largely been 
affected by the glaciers of the ice age. 
They came as far south as Cincinnati and 
left a thick deposit of boulder clay on the 


land. 
SYNDYOCERAS 


EOHIPPUS — A SMALL 
HORSE ABOUT THE 
SIZE OF A FOX 


INORGANIC CHEMISTRY 


Cobalt oxide is used as a decolorizer in the 
enamel about to be applied to these metal 
sheets. 


OME compounds of cobalt make 
very good fast blue pigments 
which have been used for over 4,000 
years by a variety of civilizations. 
The Assyro-Babylonians used blue 
cobalt paint on their carved wooden 
statuettes and in more modern times, 
cobalt compounds have provided the 
blue decoration on Delft china, also 
the rich deep blue of some stained 
glass. 

Although cobalt still has value as a 
pigment, in recent times this has 
been eclipsed by its value as a metal. 
Cobalt is a_ferro-magnet, not as strongly 
magnetic as iron, but nevertheless it is 
more strongly magnetic than most 
other metals. This is not surprising, 
for atoms of cobalt are very similar in 
construction to those of iron. Magnets 
made of soft iron quickly lose their 
magnetism, but if the iron is alloyed 
with some cobalt, then they are able 
to retain their magnetism much 
longer. Some permanent magnets con- 
tain up to 50% of cobalt and, in the 
form of magnets, cobalt finds its way 
into many pieces of electrical appara- 
tus such as radio and television sets. 

Cobalt alloys have another com- 
mercially important property. They 
retain their hardness and sharpness 
even at high temperatures. In fact 


Some uses of cobalt. 


COBALT 
COMPOUNDS 


COMPOUND TO COMBAT 
VITAMIN B,, DEFICIENCY 


many high-temperature steel cutting 
tools contain cobalt. Even more resis- 
tant to the softening effects of high 
temperatures are the cobalt-chro- 
mium-tungsten-carbon alloys which 
are also used for making cutting tools. 
Most of the world’s cobalt production 
goes into either magnet steels or high 
speed alloys. 

Although less than one fifth of the 
cobalt produced finds use as com- 
pounds, these are far too important 


Dismantling a filter press which has been 
used for filtering basic cobalt carbonate. 
The solid carbonate sticking to the cloth 
will be dried and used as a pigment or as 
a mineral supplement in animal feeding. 


to be simply dismissed. The only 
stable compounds of cobalt are the 
cobaltous compounds where cobalt has 
a valency of 2. The cobaltic (valency 3) 
salts tend to be unstable. 

Vitamin B,, isan important vitamin. 
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ORGANIC SALTS OF 
COBALT HELP PAINT 


In its huge, complicated molecule 
consisting of 183 atoms is a single atom 
of cobalt. Without this atom of cobalt 
it is impossible to make vitamin B,p. 
Vitamin B,, deficiency in farm ani- 
mals may be due to lack of cobalt and 
the condition may be cured by treating 
the land or food with cobalt com- 
pounds. 

Cobalt oxide is used in the ceramics 
industry, not only as a blue pigment, 
but also as a whitening agent. Pottery 
clay often has iron impurities which 
give it a yellowish look. Adding a little 
blueness from cobalt oxide masks this 
yellow colour in just the same way 
that the addition of a little blue 
makes the washing seem whiter. 

Organic salts of cobalt are used 
extensively in paints, varnishes and 
printing inks to make them dry 
quickly. They absorb atmospheric 
oxygen to form peroxides. The per- 
oxides polymerize into a cell-like 
structure which acts like blotting 
paper, absorbing the remaining oil 
and the whole mass sets into a gel. 

Cobalt compounds make excellent 
catalysts for innumerable reactions. 
This was first discovered when, using 
such a catalyst, methane (CH,) was 
made from hydrogen and carbon mon- 
oxide. Now they are widely used in 
the petroleum industry for fashioning 
unsuitable molecules into ones that 
are suitable for fuels. 

Because cobalt is found in such a 
wide variety of different ores and is 
usually mingled with copper, silver or 
nickel, there are several different ways 
of extracting it, each depending on the 
type of ore being used. The largest 
producers of cobalt are Katanga and 
Rhodesia where cobalt and copper are 
found together. 

COBALT ALLOYS ARE USED IN THE 


PERMANENT MAGNETS OF ELECTRICAL 
APPARATUS 


| SCIENTIFIC INSTRUMENTS | 
Measuring 


LIQUIDS 


"THERE are many occasions when 

the scientist needs to know ac- 
curately the quantity of a substance 
which he is using or has produced in an 
experiment. The weight of a substance 
can be measured most accurately, but 
to weigh a sample takes time. Never- 
theless weighing is used, almost with- 
out exception, as a means of finding 
how much solid is consumed. 

Liquids can also be weighed, but 
unless a very accurate measurement is 
required, it is both easier and quicker 
to measure volume. The weight of liquid 
can be calculated from the volume, or 
the volume needed from the weight, 
since for a particular liquid these two 
quantities are related to one another 
by its density. As almost all liquids 
expand when they are heated, allow- 
ance has to be made for the resultant 
slight reduction in density at higher 
temperatures. 

There are four different types of 
vessel for measuring liquid volumes, 
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It is particularly important in volumetric analysis that the volumes of the various reactants 
are measured accurately. Standard solutions are made up in measuring flasks, while pipettes 
and burettes are used in measuring the volumes of the reactants. 


CORRECT 


BOTTOM OF 
MENISCUS ON 
ETCHED MARK 


Measuring Liquids 


The surface of a liquid close to the sides of the container is usually curved. This is known 
as the meniscus and for water and solutions of substances in water the lowest point of 
the meniscus is in the middle. When using a pipette or burette to measure volumes the 
bottom of the meniscus must be opposite the calibration mark which is etched on the 
sides of the tube. 


each type being suitable for particular 
jobs. Measuring cylinders, for instance, 
are used for approximate measure- 
ments either of the amount of liquid 
product obtained from a chemical 
reaction or of the quantity of liquid to 
be used in an experiment. 

The scale on the side of a measuring 
cylinder is usually divided up into 100 
equal parts. For instance a 100 ml. (ml. 
is the abbreviation used for millilitre) 
cylinder measures to the nearest 1 ml., 
while there is 5 ml. between each scale 
division of a 500 ml. cylinder. In view 
of the errors which can arise through 
using a large vessel for measuring a 
small volume (i.e. 9 ml. in a 100 ml. 
cylinder) some manufacturers do not 
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TOP OF 
MENISCUS 
ON ETCHED 
MARK 


mark in the first 10 units on the scale 
(i.e. the first 10 ml. on a 100 ml. cylin- 
der). 

However, if the volume of liquid to 
be used in an experiment has to be 
measured more accurately, it can be 
done with a pipette or burette. A 
pipette is a narrow tube into which the 
liquid is drawn by suction. In all but 
the smallest sizes there is a bulb part 
way up the tube. In this way most of the 
liquid is accommodated in the bulb, 
while the single calibration mark is 
located in the narrow stem, so ensuring 
an accurate measurement. A pipette is, 
therefore, used to deliver definite 
volumes (e.g. 10 ml., 25 ml.) which 
have been measured accurately. 


ee 
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There are, of course, instances in 
which odd volumes have to be 
measured out accurately, or it is 
required to know exactly how much 
liquid has been added in bringing a 
chemical reaction to completion. The 
burette has been designed to fulfil these 
needs. It consists of a long graduated 
tube with a tap at its lower end. 
Burettes are made in several sizes but 
the ones most frequently used hold 50 
ml., and are subdivided into 0-1 ml. 
units. In use, the burette is filled to the 
zero mark at the top of the scale and 
then the required amount of liquid is 
run out through the tap. The volume 
taken is easily seen from the scale. 

It must be emphasised, however, 
that both pipettes and burettes are 
intended to deliver certain stated 
volumes, provided the correct pro- 
cedure is used each time. A certain 
amount of adhesion of liquid to the 
walls is inevitable but account will 
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have been taken of this w 
instrument was calibrated. 

In contrast, measuring flasks are 
designed to hold the stated volume, 
since their principal use is in preparing 
solutions of known concentration such 
as may be required in volumetric 
analysis. To do this, a carefully 
weighed amount of powdered solid is 
dissolved in distilled water (or other 
solvent). Once the solid has dissolved, 
more water is added slowly until the 
calibration mark is reached. 

Pipettes and burettes as well as 
measuring flasks are the tools of 
volumetric analysis. In this analytical 
technique, reactions are carried out in 
solution. The concentration of a solu- 
tion may be determined by finding 
how much of it is required to neutral- 
ize a certain volume of another solu- 
tion of known concentration. This 
subject will be considered in more 
detail in a later article. 


hen the 


AGRICULTURAL SCIENCE 


Preserving 
our Woodlands 


"THE gradual succession from grass- 
land, through scrub to woodland 
can be witnessed on many commons 
and heathlands. Woodland is the 
natural ultimate stage in the succes- 
sion of plant life in a region. True 
woodland or high forest is dominated by 
trees that have definite trunks and do 
not branch for some distance above the 
ground. These are the timber- 
producing trees. At the present time 
there are two main zones of forest 
growth. These are the equatorial 
region, supporting dense mixed ever- 
green forests, and the north temperate 
region, including the coniferous and 
deciduous forests of America and 
Eurasia. Climatic conditions (e.g. lack 
of rainfall) do not favour extensive tree 
growth in the trade-wind belts just 
outside the tropics. 
Since Man came on the scene and 
began to cut down the forests, large 
areas of woodland have been des- 


populated regions (e.g. Great Britain) 
are badly off for timber. Many areas 
are, at present, experiencing severe 
soil erosion as a result of forest clear- 
ance. The problem now is to improve 
the existing woodlands and to plant 
more wherever possible. This is the 


realm of forestry — the scientific man-@ 
Ay 


agement of woodland and the creation 
of new woods in order to ensure a 
continuous supply of good timber and 
the stability of the land. Until about 
fifty years ago there was no planned 
management of forests and it is only 
now that benefits are being obtained 
from the scientific work started in 1919 
when the British Forestry Commission 
was formed. 


Improving Old Woodlands 
Much of Britain’s woodland at 


present is of inferior quality and con- 
tributes little or nothing to timber 


One of the methods of planting young trees. Two slits are cut in the turf which is then pulled 


back while the tree is settled along one edge. 


troyed. At first, the forest provided 
him with a home and a hunting 
ground. Later he removed wood for 
weapons and tools, and for building 
shelters. Trees were cut down to give 
space for buildings and even larger 
areas were felled for agricultural land. 
Nowadays the demand for timber is 
increasing rapidly. It is used not only 
as wood, but also as a raw material in 
the manufacture of artificial silk, 
paper, and plastics. Woodland also 
influences climate to some extent and 
is a valuable aid to soil conservation. 

Wholesale destruction of woodland 
in the past has meant that densely 
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production. These poor woods must 
be restored to an economic condition, 
which usually means high forest. For 
several years coppicing has been prac- 
tised in large areas of woodland. 


Thinning a plantation of conifers. 


Trees, planted or naturally grown, are 
cut down so that clusters of small 
shoots develop from the base. These 
young shoots are cut every few years 
and used for various rural crafts such 
as hurdle-making and _ tool-handles. 
Many of these crafts, however, are 
dying out and the coppices have been 
left to their own devices. It is normally 
best to convert them to high forest but, 
where there is a demand for hurdles 
and fencing, efficient coppicing can be 
profitable. Hazel and Sweet Chestnut 
are the two most useful coppice crops 
and are also the most difficult to con- 
vert to high forest because new shoots 
grow rapidly from the base. 

Various methods are used for con- 
verting coppice to high forest. The 
chosen one must depent upon the 
species present, those that are wanted, 
and the present condition of the wood. 
Complete clearance of the area and 


Each type of wood has certain properties suitable for particular uses. Some of these are 


shown here. 


BEECH AND 
OAK 


a 


SYCAMORE 


Planting new woodland on a hillside. 


planting with seedlings from the nur- 
sery is very expensive and does not 
produce such good results as those 
obtained in other ways. Planting out 
seedlings as the coppice is cut is a 
satisfactory method in that it does not 
affect the overall appearance of the 
wood. Also the young trees are shel- 
tered. Weeding is a problem, however, 
and only quick-growing conifers can 
be planted economically in this way. 
Complete clearance of strips or patches 
of coppice is satisfactory, but the 
resulting trees will be of mixed ages, 
for only patches are cleared at one 
time. 

Storing the coppice, which means 
selecting single shoots to grow into 
useful trees, is the quickest way of 
regaining high forest, but can be used 
only where conditions are right for 
good growth of that species. Sycamore, 
Oak, and Ash will give good results, 
but Hazel, of course, can never grow 


Coppice. The poles cut down provide bean 
sticks, fence posts, etc. 


into a high forest. Storing is usually 
added to by self-set seedlings (maidens) 
which may be useful for filling gaps in 
the coppice. Storing and natural re- 
generation involve no planting costs 
and this offsets to some degree the 
disadvantage of the uneven-aged 
woodland that results. 

Coppice with standards, (i.e. coppice 
interspersed with mature trees) was a 
popular method of growing timber in 
past centuries but it is not at all 
economic. The best treatment is to fell 
the standards (which are rarely of 
great value) and continue as for the 
simple coppice. 

Woods that have been neglected or 
ruined by indiscriminate felling or by 
fire can be brought back to a useful 
condition by various methods. Any 
sound, remaining trees can be left to 
provide shelter and, as long as rabbits 
can be kept out, natural regeneration, 
and/or planting can be used. 


Scrub-wood is that woodland made 
up of old or weak trees that can never 
produce good timber. It may arise 
from neglected coppice or from the 
fact that the soil is unsuitable for the 
species present. Birch is the common- 
est scrub tree, but Dogwood and Haw- 
thorn are important in some areas. 
The only solution here is to plant new 
species. This may be done by strip or 
patch clearance and, if the planted 
trees can quickly get above the re- 
maining scrub, the latter will soon die 
out or can be cut. Underplanting is a 
valuable method where the scrub is 
sparse. Shade-bearing conifers can be 
planted and as they grow up, the scrub 
will die and can be removed. 


Planting New Woodlands 


Before new woods can be planted, 
detailed surveys must be made of the 
soil and climatic conditions in order 
to determine which species are likely 
to do well. The forester will decide 
this and whether to plant a mixed 
forest or a pure stand. The land may be 
ploughed if the slopes are suitable, 
and the young trees are planted in 
holes or slits in the turf. Much new 
woodland is now being planted on 
moorland, heath and mountain-side. 

The majority of new plantations are 
of coniferous trees — pines, spruces, 
larches, etc. These produce softwood, 
which is in greatest demand. The 
conifers grow more quickly than the 
hardwood or broad-leaved trees and, 
although individually of less value, 
produce a quicker return from a given 
area. 

When mature and productive wood- 
lands are obtained the problem is to 
maintain them in this state. Felled 
trees must be replaced by seedlings. If 
felling is conducted in small strips or 
patches that are then replanted, the 
wood as a whole will flourish and 
remain productive. 


[ENGINEERING | 


FUSES 


EAT is generated when an electric 
current flows through a conduc- 

tor, but the rise in temperature can be 
kept to a minimum provided that the 
current is small or the diameter of 
wire is sufficiently large. Normally 
there should be no overheating, but if 
the circuit is faulty, a much larger 
current may flow and, in extreme in- 
stances, the heat generated could start 
a fire. Less serious faults may damage 
the appliance or the insulated covering 
of the wire connecting it to the main. 

Obviously some form of safety pre- 
caution is needed. To guard the user 
against electric shocks and to pro- 
tect the appliance from damage, a 
fuse should be included in each elec- 
trical circuit. The fuse is purposely 
made the weakest part of the circuit. 
In this way it is the fuse and not the 
appliance which fails first when the 
current rises above the predetermined 
limit. 

Fuses are usually made of an alloy 
of tin and lead which has a low melting 
point. So when the current in a 
circuit rises suddenly, the heat genera- 
ted in the fuse is sufficient to melt the 
tin-lead alloy. In consequence the 
circuit is broken before the wiring or 


~~ CARTRIDGE FUSE 
IN A FUSED PLUG 
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Convector heater 2000W 8:3A 10A 
Kettle 2000W 8-3A 10A 
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permanent damage through over- 
heating. The failure (‘blowing’) of a 
fuse is a sign that something else is 
wrong and the cause should be in- 
vestigated before the fuse is replaced. 

The most frequent type of fault, 
for which the fuse affords protection, 
is the short circuit. If the insulation of 
the live and the neutral wires becomes 
damaged and the bare wires touch, 
the electric current follows the line of 
least resistance (i.e. it by-passes the 
appliance). Because the resistance of 
the leads is quite small (and even if 
there is a slight gap between them 
where they are bare) a very heavy 
current will flow unless there is a fuse 
in the circuit. In some respects the 
small gap between the two bare wires 
is more dangerous, since the electric 
current may jump the gap. In so 
doing an electric arc is produced and 
this could easily start a fire. 

Leads to portable electric applian- 
ces like vacuum cleaners, electric irons, 
standard lamps and electric fires and 
radiators are particularly vulnerable 
to damage. When they are carelessly 
used, the leads can easily become 
stretched, and in consequence the bare 
ends of the wire attached to the plug 
are pulled out a little and may touch. 

If the connection to the appliance 
itself is weak, the live wire may become 
detached and then touch the metal 
case of the appliance. In this way the 


IT iS EASY TO TRIP 
OVER HANGING LEADS 


SPECIALLY DESIGNED SOCKETS 
PROTECT SMALL CHILDREN 
FROM THE DANGERS OF 
ELECTRICITY 


case becomes live and anyone touching 
it is liable to receive an electric shock. 
However, if the appliance is effectively 
earthed (i.e. the case attached via the 
‘earth’ lead to a metal plate buried in 
the ground), the fuse would have 
blown because a heavy current was 
flowing direct from the live wire to 
earth once more by-passing the ap- 
pliance. (The fuse is usually located in 
the live circuit so that the current 
always passes through it). The need 
to have effective earthing cannot be 
over emphasised — last year in Britain 
alone 75 people died in their homes as 
a result of electric shocks and many 
more people were involved in less 
serious accidents as a direct conse- 
quence of electrical faults. 

Care must be taken in choosing the 
correct fuse for an appliance. It 
must be large enough to permit the 
rated current to flow but must fail 
when this is exceeded. For instance, 
a 2,000 watt convector heater when 
plugged into a 240 volt alternating 
current main draws 83 amps so that 
a 10 amp fuse would be suitable. 

Until recently it was quite common 
to have a fuse for each circuit or 
group of circuits on a distribution 
board close to the main fuses and the 


electricity meter. This arrangement 


was not very good, since it was quite 
easy to overload a circuit by plugging 
an electric fire into the lighting circuit 


LEADS TO APPLIANCES 
SHOULD NOT 
STRETCHED TO THE LIMIT 


ECTRIC 
FIRES ARE 


VERY 
DANGEROUS 
IN THE 
BATHROOM 


fused at 5 amps or to risk damage to a 
hair drier by running it on the 15 amp 
power circuit. 

These difficulties are largely over- 
come in the ring main system which 
will be described in more detail in 
another article. In this system the 
plug for each appliance contains a 
small cartridge fuse. These fuses are 
made for four ratings 2 A (blue) 5A 
(grey), 10A (yellow),and13 A (brown). 
In this way it is possible to protect each 
appliance according to the current 
which it requires. 

The correct fuse rating can be cal- 
culated from the current required by 
the appliance. This is found by divid- 
ing its wattage by the voltage of the 
supply. (240 volts alternating current 
is fairly standard in Great Britain, 
but there are still some places which 
have a direct current supply at 110 
volts.) The rating of the fuse should be 
slightly larger than the current needed 
by the appliance. 


AA \ y 
A FUSE WILL 4 ' _ ¥ 
PROTECT AGAINST 
FIRE CAUSED BY TWO } 
BARE WIRES IN CONTACT 
Af 


Fuses protect the user from electric 
shocks and the appliances from over- 
heating in the event of accident or 
circuit fault. 
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FERTILIZED EGG CELL 


TWO CELL STAGE 


FOUR CELL STAGE 


EARLY STAGES IN THE DEVELOPMENT OF A HUMAN FERTILIZED EGG CELL (they are not well known for man and are 


based largely on those of other mammals). 


EIGHT CELL STAGE GOOSEBERRY-LIKE CELL MASS 


REPRODUCTIONiIwMAN 


N placentals and marsupials the 
reproductive system is well de- 
veloped for fertilization of the egg 
within the body of the female and for 
its prolonged development there. Fe- 
male placentals develop an elaborate 
organ, the placenta, provided for the 
protection and nourishment of the 
young during their stay in the womb 
or uterus. The placenta of man is par- 
ticularly well developed. It is formed 
by the fusion of certain embryonic 
tissues and the lining of the uterus. As 
the embryo forms, its connections with 
the lining of the uterus become more 
and more intimate. The layers of 
tissue between the blood vessels of the 
foetus and those of the mother are 
eroded away by the action of enzymes. 
Eventually only the walls of the foetal 
blood vessels and a small amount of 
connective tissue separate the foetal 
blood from that of the mother. The 
barrier between the two is very small, 


therefore, and the exchange of food 
molecules, oxygen etc. is enhanced. 
The reproductive system of man is 
similar to that of other placentals. The 
paired organs (testes) of the male that 
produce sperms consist of masses of 
tiny coiled tubes. The walls of these 
seminiferous tubules produce the sperms. 
Each sperm has five main regions, an 
oval head, behind which is a narrow 
neck, leading to a long thin body, tail 
and endpiece. The sperms are probably 
of two kinds, each containing twenty- 
two chromosomes plus either an X ora 
Y chromosome. If one containing an 
X chromosome fertilizes an egg-cell 
(each of which has 22 chromosomes 
and an X chromosome) then a female 
results, and one containing.a Y chro- 
mosome produces a male. 
Fertilization thus produces a zygote 
containing the full complement of 
chromosomes, 44 plus 2 X’s or an X 
and a Y. The head of the sperm 


contains the chromosomes whilst the 
tail beats actively when in the fluid 
(semen) produced by special glands of 
the male, enabling the sperm to swim 
up the reproductive tubes of the fe- 
male to the egg. Usually only one 
sperm cell penetrates an egg cell but, 
to ensure fertilization, a large number 
are produced. Fertilization occurs 
high up in the egg-ducts (fallopian 
tubes) and the fertilized egg starts to 
divide as it passes down towards the 
uterus. Associated with the develop- 
ment of the egg within the ovary and 
its subsequent release (this is thought 
to occur on about the fourteenth day 
of the oestrous cycle), the lining of the 
uterus undergoes changes that pre- 
pare it to receive the fertilized egg. 

The uterus lining thickens as the egg 
cell develops in the ovary. It becomes 
more muscular and richer in glands 
and blood vessels. In a woman the 
uterus lining continues to thicken — 


<< e. 
\ &S 


CAVITY 


WALL 
OF 
UTERUS 


THREE AND A HALF 
OLD EMBRYO — BRYO IN 


VE W' 
POSITION IN UTERUS 


1292 


EMBRYO 


PLACENTA 


BEGINNINGS 
OF BACKBONE 


ENORMOUS GROWTH 
OF BRAIN AT THIS 
TIME 


RIGHT ARM 
AND HAND 


SIX WEEKS 


SEVEN WEEKS 


EIGHT WEEKS 
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after the egg has been released from 
the ovary — whether fertilization occurs 
or not. If fertilization does not occur, 
the growth of tissue continues for a 
further fourteen days. It then breaks 
down and erodes away with the loss of 
blood characteristic of menstruation. 
Growth of the uterus lining and sub- 
sequent menstruation takes place 
regularly during approximately 28- 
day cycles. (There is a great variation 
between individuals, from 24 to 35 
days). The first flow of blood (menses) 
occurs at an age of about 12 to 16 
years and proceeds up to the age of 45 — 
sometimes up to 50 or just over. It is 
interrupted by successful fertilization 
if the fertilized egg is accepted by the 
uterus. 

The tiny fertilized egg or zygote, 
which contains the complete instruc- 
tions for producing a new individual 
and for controlling its later life, has 


(Right) A fully developed foetus within the 
uterus or womb of the mother. The space 
below the head represents the amnion which { 
ruptures during the birth process releasing { 
the amniotic fluid. : 
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A section through a human ovary showing 
numerous egg cells (ova) at various stages 
of development within the follicles in which 
they grow. One ovum ts about to be released 
Srom a follicle. 


divided several times by the time it 
reaches the uterus. Implantation — the 
embedding of the developing embryo 
in the uterus lining—occurs about 
seven days after fertilization. The 
lining of the uterus continues to 
proliferate, its blood supply being 
particularly rich and extending to 
just below the surface. The tiny supply 
of yolk in a human egg cell is quickly 
exhausted as the embryo grows. It is 
important, therefore, that it receives 
nourishment fairly quickly. Hence the 
importance of a rich blood supply 
being formed close to the surface of the 
uterus lining. The fertilized egg cell 
first divides into two cells, then four, 
eight, and so on, to form a ball of cells. 
By the time that it embeds itself in the 
uterus lining, it consists of two parts, 
an inner cell mass from which the young 
foetus grows, and a thin outer sphere 
of cells — the trophoblast. It is the task of 


Each human testis consists of masses of 
tiny coiled tubes. This diagram of one 
tube in cross-section shows how the sperms 
are formed from the tiny cells lining the 
tubes. 


the trophoblast to establish intimate 
connections between the embryo and 
the tissue of the uterus wall. This it 
does by eroding away the maternal 
tissues until only a thin barrier of 
tissue remains between the two blood- 
streams. The inner cell mass, which 
appears to consist of a number of 
identical cells in a_ ball, becomes 
flattened and soon begins to take on a 
more organised appearance. A thin 
layer of cells forms along its inner 
side. This endoderm soon hollows out 
to form a bag-— the yolk sac. Mean- 
while the remainder of the cell mass 
hollows out to form a sac — the amniotic 
cavity — the wall of which is called the 
amnion. A network of cells surrounding 
the two cavities thickens above the 
embryo and forms a connection be- 
tween it and the trophoblast eventually 
becoming the umbilical cord, through 
which food materials and waste matter 


The reproductive system of the human fe- 
male (ovary and fallopian tube of right 
side omitted). 
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Male reproductive system of man testis and 
sperm duct of right side omitted. (right) 
human sperm highly magnified. 


pass between embryo and placenta. 
The amniotic sac grows enormously 
and is filled with fluid surrounding the 
embryo. This protects the embryo 
during its development. 

By the time that the embryo is three 
weeks old, folds at the head end have 
curled over —the beginnings of the 
brain. Segments (somites) clearly show 
along the mid-part. These later form 
the body muscles and the vertebral 
column. As the embryo continues to 
develop it becomes more recognisable 
as a miniature human. Features such 
as eyes, ears, limbs etc., become more 
prominent and, internally too, many 
changes take place. 

The period of gestation (that within 
the womb) in man is about two hun- 
dred and eighty days. The placenta 
nourishes and protects the embryo 
during the whole of this period. 
During the birth process the young 
child is expelled from the womb by the 
automatic contractions of the muscles 
within its walls, and usually also by 
the. co-ordinated activities of the 
mother. The pains of giving birth have 
been considerably lessened in recent 
years by the use of anaesthetics. These 
act sufficiently to deaden much of the 
pain, but not enough to cause un- 
consciousness during the later stages 
of labour. 

Following birth the umbilicus still 
connects the child to the placenta. It 
is ligatured (tied) and cut, and from 
that moment the infant is, in many 
respects, on its own. The lungs must 
function —it can no longer rely on 
receiving a supply of oxygen from the 
mother through the placenta. Similar- 
ly it must take in and digest food itself. 
It must get rid of waste itself and so on. 

The reproductive processes in man, 
as in other mammals, are governed 
largely through the endocrine system 
employing chemical signals. The ner- 
vous system also plays an important 
part, however, receiving visual and 
other stimuli. 

The pituitary gland is the centre of 
the chemical control system. Its hor- 
mones affect the whole of the repro- 
ductive system of both male and 
female. The placenta, testes, ovaries, 
and adrenals also produce hormones 
all of whose actions are closely asso- 
ciated. 
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WHEN a weight is hung from the 

end of a spring balance, the 
spring stretches. When the weight is 
taken off again, the spring goes back 
to its original length. The spring is 
said to be elastic. It stretches when it is 
pulled, and then springs back to its 
normal length when the pulling force 
is removed. The downward pulling 
force of the weight on the spring is an 
example of a stress. The spring res- 
ponds by straining, and the strain is in 
fact measured by the amount the 
spring stretches. 

The spring balance is commonly 
used for weighing things, for the 
amount the spring stretches (the 
strain) is proportional to the weight 
attached (the stress). If the spring 
extends by one inch when a one pound 
weight is hung on it, then it will 
extend by two inches when a two 
pound weight is attached. If a book is 
hung from the end, and it extends the 
spring by three and a half inches, then 
the weight of the book must be three 
and a half pounds. 

However, this will not always work. 
There is a limit to the amount of stress 
the spring can stand. If a heavier 
weight, for example a ten pound 
weight, is hung on the balance, then 
it may extend it by more than ten 
inches. The stress is no longer propor- 
tional to the strain. The spring has 


been weakened, and it now extends 
more easily. 

If the weights are now taken off 
the spring, then the spring will 
probably go back to its original 
length. It has not lost any of its 
elasticity. But if more and more 
weights are piled on to the spring, it 
does not go back to its original length. 
It will be extended permanently. The 
spring has exceeded the elastic limit, 
and has lost some of its elasticity, or 
ability to spring back once the stress 
is removed. The spring may break if 
the weight hung from it greatly exceeds 
the elastic limit. 

Spiral springs for spring balances 
are made of tempered steel wire — i.e. 
steel treated so that it is ‘springy’. But 
it is not necessary to coil the wire intoa 
spiral to get an elastic effect. A straight 
length of steel wire will stretch when it 
is pulled, and then spring back to its 
original length. The amount of stretch- 
ing is very small, but it has applica- 
tions in bridge-building, or steel 
frameworks for houses, where long 
lengths of metal will be subjected to 
various kinds of stress. The amount of 
strain, and the form it takes, will 
naturally be important. The simplest 


GRAPH BENDS WHEN STRESS 
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inds 


stresses and strains are the 
involved when a straight length of 
wire is pulled along its length. The 
stresses and strains involved in spiral 
springs are more complicated. 
Finding Young’s Modulus 

The conventional method of finding 
out how a length of wire behaves 
when it is stretched is to get a long 
length of wire, and pull it. The upper 
end of the wire is attached to a rigid 
beam in the ceiling, and weights are 
attached to the lower end. The exten- 
sion of the wire, for various stresses, is 
measured. It is better to use a long 
length of wire than a shorter one, 
since the amount of stretching will be 
small, and a wire three feet long will 
obviously stretch three times as much 
as a wire one foot long. Special 
apparatus such as a vernier is often used 
to measure the extension accurately. 

If successively heavier weights are 
hung on the wire, the extensions 
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An experiment to find 
Young’s modulus 


The original length of the wire is 98-6 inches. 


The diameter of the wire is 0:0949 inches, 
and so its area of cross-sections works out 
at 0-007068 square inches. 


The extension is 0-014 inches, when the 
load on the wire is 30 Ibs. weight. 


So Young’s modulus for the wire is 


stress force . _ extension 

strain area “ original length 
which is 

30 , 0-014 


0-007068 ~ 98.6 |>S: weight per square 


inch, or 29,900,000 Ibs. weight per ag 
inch. 


found in each instance, and the results 
are plotted on a graph, with stress 
along one axis and strain along the 
other, then provided the weights are 
not too heavy, all the readings should 
lie on a straight line. Whenever this 
happens on a graph, it implies that the 
quantity along one axis (the stress) is 
directly proportional to the quantity 


along the other axis (the strain). 


Another consequence is that when the 
stress is divided by the strain, the 
answer is always the same. The way of 


saying this mathematically is that 
stress 
Strain 


= constant 


for any one piece of wire. The constant 
ratio stress/strain is given the name 
Young’s modulus. 

If something has a high Young’s 
modulus, then it does not stretch very 
much. For a large stress the strain (the 
fractional increase in length) is small. 
If something has a smaller Young’s 
modulus, then a large stress is accom- 
panied by a large strain; the substance 
is more ‘elastic’. 

The two quantities ‘stress’ and 
‘strain’ must be defined more exactly. 


The stress depends on the thickness of 


the wire. For if the same weights are 
hung on the ends of two wires of the 
same material, one thick and the 


other thin, the stress in the thicker 
wire is less than the stress in the 
thinner wire. The stretching force is 
spread out over a larger area. As a 
consequence, the thicker wire does 
not stretch as much as the thinner 
wire. 

The most useful way in which the 
stress can be written is as force per unit 
area. If a 30 lb weight is hooked on to 
the end of a wire of cross-sectional 
area one thousandth of a square inch, 
then the stress is the force (in lbs. 
weight) divided by the cross-sectional 
area (in square inches), or 

30 — 300 Ibs. weight per square inch 

On the other hand, the strain is 
always written as the extension in 
length per unit length. If this same 
wire is 100 inches long, and it stretches 
by one tenth of an inch, then the 
strain is equal to the extension divided 
by the original, unstretched length. Or 


aL TE 
strain = 10 5 


In this example, Young’s modulus, 
stress divided by strain, is equal to 


rsh ayy § Ome : 
30 + —~..) = (7 = 100) Ibs. weight 
( 70) (i ) te square inch 
which is 


30 x — x iy Mee Ibs. weight 


| | | per square inch 


or 30,000,000 lbs. weight per square 
inch. 


Once the stress and the strain have 
been expressed in standard units, the 
constructional engineer can easily 
work out the stresses and strains in a 
longer piece of wire of a much larger 
cross-sectional area. 

In the British system of units, the 
unit of Young’s modulus is the pound 
weight per square inch, while in the 
metric system, it is expressed in dynes 
(a unit of force) per square centimetre. 


| FAMOUS SCIENTISTS | 


T the age of 20, Thomas Young 
(1773-1829) had already mas- 
tered 10 languages. Later he was to 
decipher the first words of the Egyptian 
hieroglyphics of the famous Rosetta 
Stone. But, although his interests re- 
mained wide and diverse throughout 
his life, it is mainly through his contri- 
butions to physics that he is remem- 
bered. 

Young was particularly interested 
in optics. At the time a controversy 
was raging over the nature of light 
itself. On one side the followers of the 
Dutch physicist Christian Huygens 
were arguing that light was a sort of 
wave-like disturbance. On the other 
side, staunch supporters of Sir Isaac 
Newton maintained that light rays 
were made up of tiny particles, cor- 
puscles. Young dealt a blow on the side 
of the wave theorists when he showed 
that, under certain circumstances, 
two beams of light can be made to 
cancel each other out — in other words, 
to produce darkness. If two corpuscles 
were added together, they would 
always produce a corpuscle twice as 
big. They could never, under any cir- 
cumstances, cancel each other out. But 
if light were a kind of up-and-down 
wave motion, then it would be possible 
for the ups of one beam to cancel the 
downs of the other beam. 

But it was by no means easy to pro- 


duce this effect. The experiments 
must be performed very carefully. 
Young made two beams of light by 
splitting a light beam into two parts 
with two narrow slits. He then put a 
screen in the way of the combined 
beams, and showed that it was crossed 
by light and dark lines. 

To produce a dark line, the two 
beams had arrived at the screen so 
that the ups filled in the downs. To 
produce a light line the ups and downs 
of both beams had both arrived at the 
screen at the same time. They had re- 
inforced each other, and so there was 
light in that particular place. 

Young sorted out other knotty 
problems confronting physicists of the 
day. He showed why, if a narrow tube 
is held in a beaker of water, the water 
rises up the narrow tube (capzllarity), 
although his explanations were rather 
obscure, and not widely understood. 
He showed why most solids stretch 
when they are pulled and developed 
the mathematical way of working out 
just how much a given lump of solid 
will stretch. One of the fundamental 
properties of a substance which deter- 
mine its stretchiness is given the name 
Young’s modulus. 

The third main facet of Thomas 
Young’s investigations was in the field 
of medicine. In fact, he studied medi- 
cine at university, first at London, then 


A diagram of Thomas Young’s most famous experiment. With the lamp and the first slit, 
he produced a single source of light. He then proceeded to split his single source into two 
halves with the next two slits. The two halves were recombined at the screen, and Young 
saw that they were crossed with dark and light lines. Light rays could either add to each 
other or destroy each other, so they must be made up of waves. 


at Edinburgh, and then Gottingen in 
Germany, and Cambridge. He prac- 
tised as a doctor in London for fifteen 
years, from 1799 to 1813, and was 
perhaps the most highly educated 
physician of his day. Amalgamating 
his medical and optical studies, Young 
developed a theory of the way the 
sensitive part of the eye, the retina, 
responds to different colours of light, 
and so is able to see in colour. His 
ideas are the accepted basis of modern 
theories of vision in colour. He also 
used his ideas on the behaviour of 
liquids in tubes to expound the laws 
governing the flow of blood in the 
heart and arteries of the human body. 

Thomas Young was Professor of 
Natural Philosophy at the Royal 
Institution from 1801 to 1803. Later 
he was appointed physician to St. 
George’s Hospital. At the same time, 
from the age of 21 to the time of his 
death in 1829, he was an active Fellow 
of the Royal Society. 
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FUEL CELLS 


TF a piece of electrical equipment is to 

be moved large distances while it 
is in use, it cannot be asily run off the 
mains supply of electricity. Yards and 
yards of flex would be needed and the 
whole thing would be impossibly awk- 
ward to use. If the equipment is to be 
truly portable then it must be powered 
by a battery of some sort. 

In a torch battery (dry cell) or a car 
battery (lead accumulator) electricity 
comes directly from chemical energy. 
However, such batteries run down as 
their chemicals get used up. There is 
no way of re-charging a torch battery. 
Once it has run down, it is finished and 
needs replacing by another. The lead 
accumulator does not have to be 
thrown away for it can be re-charged 
by feeding electricity back into it to be 
stored as chemical energy. But never- 


theless neither battery can run for 
ever, and after a while will run down. 

The fuel cell does the same work as a 
battery and supplies electricity with- 
out running down. It is in fact an 
electrolytic cell working in reverse. 

In an electrolytic cell, two electrodes 
dip into a conducting liquid (electro- 
lyte) such as a dilute solution of sul- 
phuric acid in water. When these 
electrodes are connected to a battery, 
bubbles of gas will appear at each 
electrode. Hydrogen will be given off 
at the cathode and oxygen at the 
anode. The water has ionized or split 
up into hydrogen and hydroxyl ions 
(H* and OH). The positively chargéd 
hydrogen ions (hydrogen.«@atoms 
stripped of their electrons)saré attrac- 
ted to the cathode where there is an 
excess of electrons.€re, the electrons 


unite with hydrogen ions to form 
hydrogen gas which is given off as 
bubbles. The hydroxyl ions unload 
their extra electrons at the anode 
where there is an electron deficiency 
and oxygen gas is liberated. In short, 
in this particular instance, a direct 
electrical current is fed in and oxygen 
and hydrogen gas come out. 

The fuel cell is just the reverse.of 
this. Chemical substances sugh as 
oxygen and hydrogen are fed@in and a 
supply of direct current,omes out. In 
theory any electrolytic cell in reverse 
will do this. 


Practical. Fuel Cell 


Thé first practical fuel cell to be 
built was made by Francis Bacon at 
Cambridge just before the start of 
World War II. The Bacon cell used 
oxygen and hydrogen as its fuels, and 
the reactions took place at high tem- 
peratures and under considerable 
pressure. 

Basically, the cell consisted of a 
strong box enclosing two specially 
designed porous nickel plates which 
acted as electrodes. The two electrodes 
partitioned the cell off into three 
sections. The electrodes were porous 
sheets, built on a perforated plate, with 


This tractor is powered by a bank 
of fuel cells. 
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Diagrams of a fuel cell which uses oxygen and hydrogen under pressure as its fuels. The electrolyte is hot concentrated potassium 


hydroxide. As long as the cell is fed with fuel, a current flows through the circuit. 


fine pores on the inside and coarse 
pores on the outside. They were placed 
close together with the fine pores 
facing each other. The space in be- 
tween them was filled with electrolyte 
which was hot, concentrated potas- 
sium hydroxide solution. The fine 
holes were so small that this liquid 
could wet only the inside surface of the 
electrodes but could not seep through 
them to the other side. 

Gases under great pressures were 
pumped into the compartments on 
either side of the electrodes, hydrogen 
round one plate and oxygen round the 
other. The gases could seep through 
the large pores but the surface forces of 
the liquid in the small pores prevented 
them from blowing right through the 
electrodes. The gases were pumped 
in at pressures of about 600 to 800 
pounds per square inch or roughly 40 
to 50 times atmospheric pressure. For 
the cell to run properly the electrolyte 
had to be at a temperature between 
200°C. and 240°C. To withstand the 
high pressures, the cell had to be very 
strongly built and was therefore very 
heavy and bulky. 


CALCIUM ome 
HYDRIDE 


Laboratory model of a fuel cell. The 
fuels are hydrogen generated by drop- 
ping water on to calcium hydride and 
atmospheric oxygen. 


How the cell works 

The cell is set up and the electrodes 
connected by a length of wire in 
which a current can flow. Oxygen 
molecules pass through the plate and 
are absorbed on to the wetted surface. 
They take electrons from the negative 
plate and react with free water mole- 
cules to form hydroxyl (OH ~ } ions. 


4e + 2H,O + O, = 40H 


These ions are negatively charged 
and migrate towards the positive plate. 
Meanwhile, hydrogen molecules have 
already been absorbed on the surface 
of the positive plate. The hydroxyl 
ions and the absorbed hydrogen com- 
bine producing water and releasing 
electrons which travel round the wire 
as long as the supply of gas lasts. 


20H + H, = 2H,O + 2e 


As long as it was fed with fuel, 
Bacon’s cell produced a continuous 
150 watts of power and the cell main- 
tained this output for weeks on end 
without maintenance. Bacon later de- 
veloped cells which could produce 6 
kilowatts of power, enough power to 


Applications 

At present, power stations must work 
at almost peak capacity to produce 
electricity cheaply. But such supplies are 
only in demand during peak load periods 
and unfortunately electricity cannot be 
stored during the slack periods. An 
attractive possibility is to store fuel cell 
gases underground so that they can be 
converted to electricity at peak hours. 
During slack periods the electricity 
generated could be used to split water 
into hydrogen and oxygen by electrolysis. 
During peak hours, this process could be 
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run a power drill or a fork lift truck. 
Other fuel cells 

Bacon’s cell was bulky and weighty 
because of the high gas pressure used. 
This disadvantage has been overcome 
in some modern fuel cells which are 
designed to work at room temperature 
and atmospheric pressure. The secret 
is to use a Catalyst to help the reactions 
along and eliminate the need for high 
temperatures and pressures. One such 
cell with a carbon catalyst has run for 
two years without maintenance. 

Town gas or natural gas can also be 
used in fuel cells. Very recently a fuel 
cell of 1,000 watts, burning natural 
gas or kerosene was announced in 
Britain. 

The fuel obviously cannot combine 
with oxygen as hydrogen does in the 
Bacon Cell, so it is first ‘cracked’ at 
temperatures of about 500°C. together 
with steam and carbon dioxide. The 
carbon monoxide and hydrogen 
formed then react in the cell to pro- 
duce electricity. Because of the high 
temperatures involved, the electrolyte 
used is a molten salt such as sodium or 
potassium carbonate. 


reversed by feeding the gases into fuel 
cells to produce electricity. 

Fuel cells will largely be used where a 
low voltage source of direct current is 
wanted. For example, they could supply 
electricity for electroplating. They could 
also power tractors. In America a tractor 
has been driven on a battery of over a 
thousand cells, running off propane. Fuel 
cells have also been used to power 
portable radar sets. They are still very 
much a subject for experiment and 
pobtnea d many more uses will come to 
ight 
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THE GREY 
SQUIRREL 


‘THE squirrel family, known as 
y Sciuridae, belongs, together with 
the rats, mice and guinea pigs, to the 
order Rodentia, which is the largest 
group of mammals. These animals are 
characterised by having, in each jaw, 
two continuously growing incisor 
(front) teeth which have a chisel-like 
edge. The Sciuridae is a large family 
with members almost all over the 
world. Their structure and habits vary 
enormously but two distinct groups 
are recognised: the ground-living and 
the tree-living forms. 

The bushy tail is present in all 
members of the family, although it is 
developed most highly in the tree- 
squirrels. Some of the ground-living 
species, notably the American Prairie 
dogs and Woodchucks, are not im- 
mediately recognisable as squirrels. 
Most of the ground-living ones, too, 
spend the winter in a state of in- 
Se) = activity — hibernation. ‘Tree-dwelling 

Z-——>squirrels, although they may sleep for 
~~ odd periods, do not hibernate. 
Tree-Squirrels 

The typical tree-squirrels are well 
distributed over America, Africa and 
Eurasia. The large bushy tail is 
characteristic and the generic name 
THE Sciurus means ‘shade-tail’. There are 
BRITISH : 
RED squirreL more than two hundred known species 

of tree-squirrel but, apart from dif- 
ferences in size and colour, they are 
very much alike. Even their habits are 


similar. Although they live in the trees 
they are at home on the ground, 
especially in the cooler regions where 


the forest cover is less dense. Nuts, 
fruit, young shoots and insects form 
their basic food. They use their front 
limbs as hands for feeding while 
sitting up on their hind legs. 
Tree-squirrels make their nests in 
the trees, either in holes or among the 
branches as birds do. The nests, called 
dreys, are constructed of twigs. In warm 
countries the squirrels may have 
several broods each year, but the 
British Red Squirrel has only two 
litters per year and possibly only one 
in the northern regions. Although the 
tree-squirrels do not hibernate, in the 
drier parts of the tropics they some- 
times aestivate (i.e. become inactive for 
the hot part of the year). Britain has 
only two squirrels, the grey and the 
red, and of these, only the latter is a 
native. Our Red Squirrel (Sczurus 
vulgaris leucourus) is a sub-species not 
found elsewhere, although there are 
many other sub-species in Europe and 
Asia. The Grey Squirrel (Sciurus caro- 
linensis) was introduced last century 
from America and has spread rapidly. 
Although it does undoubtedly fight the 
red squirrels, there is no reason to 
believe that it is reducing their num- 
bers. Red squirrels are very common 
still — almost pests — in some regions of 
forest land. It is likely that the devasta- 


tion of woodland has reduced the Red 
Squirrel’s numbers, more than has the 
competition with the Grey Squirrel 
which can tolerate more open wood- 
land. 

Associated with the typical tree- 
squirrels are the Oriental tree-squirrels. 
These all come from Asia, particularly 
the south-east, and, although they are 
similar in shape, they are much more 
brightly coloured than the typical 
squirrels. None appears to make a 
nest, nor to aestivate. 

Flying Squirrels 

A number of Asiatic squirrels have 
large flaps of skin joining the hind and 
front limbs. By means of these flaps 
and a flattened tail, the animals are 
able to glide about in the trees. They 
move around mainly at night in search 
of nuts and insects. There is also an 
American flying squirrel and a Euro- 
pean species, found in the woods of 
Europe south of Britain and Scandin- 
avia. 

Ground Squirrels 

These animals differ in structure, as 
well as colour and habits, from the 
tree-squirrels. Apart from a_ few 
distinct African species, the ground 
squirrels are confined to the northern 
hemisphere. They extend from within 
the Arctic circle to the southern edge 
of the temperate belt. The range of 
size and form is large and the habits 
are correspondingly varied. 

The largest animals of this group are 
the American Woodchucks and the 


Marmots. They live in holes in the 
ground or among rocks. The limbs and 
tail are relatively short when com- 
pared with the size of the body. 

In appearance, the Prazrie-dogs are 
more like rats than squirrels. They live 
in burrows in the ground and are very 
social animals; their burrows often 
occur in thousands on the open prairies 
of the U.S.A., and they may be serious 
pests where crops are grown. Grass and 
other vegetation forms the main part 
of their diet, but seeds and insects are 
also consumed. 

A little more squirrel-like than the 
prairie dogs are the gophers, a term 
covering many American species of 
ground squirrel. Similar species occur 
in the tree-less regions of Asia. There 
are several groups but most of them 
are striped or spotted in some way. As 
with most other ground-dwelling 
types, they live in burrows and feed on 
vegetation, insects, slugs, worms, etc. 

Intermediate between the gophers 
and the typical tree-squirrels are the 
chipmunks. They construct burrows but 
are quite at home among trees, living 
more often in woodland than in the 
open plains. Their tails are bushy and 
more typically squirrel-like. ‘The chip- 
munks are often beautifully striped. 
Like the true squirrels, the chipmunks 
spend much time in storing food for 
they do not hibernate completely. 
They wake at intervals to feed on their 
stored food, if they can remember 
where to look. 


Many ground-living members of the family do not look like 
squirrels at all. They make burrows to live in and they feed 
on grass, insects, seeds, etc. Chipmunks live in more wooded 


PRAIRIE DOG 


regions and resemble the true squirrels more. 
quently bury food for later use. 


They fre- 
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OPTICS 


S more and more different radio and 
television programmes are broad- 
cast, the ‘space’ for them in the air 
becomes more and more crowded. For 
the programmes are carried between 
transmitting station and_ receiving 
station on radio waves, or kinds of 
electrical and magnetic disturbances 
which travel with the speed of light. 
Different programmes are carried on 
waves of different frequencies for the 
simple reason that it is possible to 
design electric circuits which pick out 
signals of one frequency only. In this 
way, One programme can be singled 


aA 


out from all the rest transmitted: 

But if there was one signal broad- 
cast on a wave of frequency 200,000 
cycles per second, and another on a 
wave of frequency 200,001 cycles per 
second, then the radio set would not 
be able to distinguish one from the 
other. Each programme, in fact, 
occupies not just one radio frequency, 
but a band of radio frequencies. As each 
of the many transmitting stations takes 
up, and fills, its own band, the avail- 
able frequencies are used up, and the 
radio ‘space’ becomes full. 

Television programmes are especi- 
ally greedy users of radio ‘space’, for 
each takes up a band one or two million 
cycles per second wide. A television 
programme broadcast on a radio wave 
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of 60,000,000 cycles per second might 
occupy about all the ‘space’ in the 
frequency band from 59,500,000 cycles 
per second to 60,500,000 cycles per 
second. This band is called a channel. 
(These radio waves are said to be of 
V.H.F., or Very High Frequency, and 
the usual unit for them is the Mega- 
cycle—one million cycles). Future 


television broadcasts will have to 
occupy still higher and higher fre- 
quency bands, stretching into the 
ultra-high-frequency (U.H.F.) region, 


Many lasers emit light only in sudden 
pulses, and so are no good for transmitting 
television pictures. But the gas laser, which 
contains a mixture of helium and neon, can 
be made to emit laser light continuously. 


ap Re A PR I or ES 


OF HELIUM AND NEON 


— 
all 


a ia 


RADIO-FREQUENCY 
OSCILLATOR WHICH 
EXCITES THE LASER 


then into the microwave region. At 
these very high frequencies, entirely 
new transmitting and receiving equip- 
ment is needed. 

In spite of this, there is one great 
advantage of using high frequencies. 
There is more ‘room’ in them. While 
the radio ‘space’ between 1 and 10 
megacycles can accommodate nine 
1-megacycle wide television pro- 
grammes, the ‘space’ between 100 and 
1,000 megacycles per second can 
accommodate about goo, and the 
space between 10,000 and_ 100,000, 


about 90,000. 
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As more different programmes are broad- 
cast, the available bands of frequencies are 


rapidly filled. 


8 of this kind of frequency are 
microwaves. Although they 

_epresent a great deal of available 
‘space’ they are more difficult to pro- 
duce and receive than radio waves of 
lower frequency. It seems likely that 
microwaves will be jumped over en- 
tirely, as a new method has been found 
of making waves of even higher 
frequency. 

The new method, the laser method, 
makes available frequencies of up to a 
thousand million megacycles. So it could 
accommodate up to goo million separ- 
ate television programmes. Leaving a 
bit of ‘space’ around each one, it is 
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Each different programme takes up a large 
amount of radio ‘space’. 


thought practicable for the laser beams 
to carry 80 million television channels! 

Although the method for making 
them in a form suitable for television 
transmissions is new, these waves are 
very familiar. For they are light waves. 
Normally, light waves are referred to 
by their wavelengths. Their frequencies 
can be found by dividing their velocity 
by the wavelength, and, as light waves 
travel at the speed of light (186,000 
miles per second), the frequency works 
out at between 100 million and a 1,000 
million megacycles per second. 

Light waves offer a great many ad- 
vantages as means of communication, 
as it is virtually impossible to fill the 
available ‘space’ of them. But ordinary 
light is of no use. The light produced by 
an ordinary electric light bulb is a 
jumbled-up mixture of wavelengths. 
If it were to be used as a carrier of a 
television programme, then the pro- 
gramme would modulate, or slightly 
distort the signal. And if the signal is 
already highly distorted because it is a 
jumbled-up mixture of wavelengths, 
then the programme would be com- 
pletely lost in the mix-up. 

What is needed is a one-wavelength, 
or one-frequency, source of light, 
where the waves are sent out in con- 
tinuous trains. 

Such a wave is the kind emitted by 
a laser. Laser is a word coined from the 
initial letters of ‘Light Amplification 
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Light waves offer ‘space’ for far more 
television channels. It has been estimated 
that there is ‘space’ for 80 million of them. 


by Stimulated Emission of Radiation’. 
Basically this means that the laser is 
given some energy of assorted, mixed- 
up wavelengths (usually from a radio- 
frequency coil or a fluorescent flash 
tube), and it re-emits the energy as 
light energy with waves all of exactly 
the same wavelength. Some lasers have 
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been devised so that they emit the light 
continuously. These are the main 
properties vital for an information- 
carrying beam of light. 

Of course, it is of no use trying to 
deal with the light waves with the same 
kind of electronic circuitry used for 
radio waves. Entirely new apparatus 
must be devised to superimpose on the 
light wave the distortion which repre- 
sents the actual radio or television 
programme, and then to sort the signal 
out at the receiving end. 

Radio waves are not interfered 
with very much as they pass through 
the atmosphere. Light waves, on the 
other hand, are easily bent and dis- 
persed by the air. At present, their 
maximum horizontal range is only of 
the order of a few miles. 

So the atmosphere along the surface 
of the Earth is not very promising. But 
upwards, towards other planets, or 
Earth-satellites, the atmosphere is 
relatively transparent. In fact, it is 
possible now to beam laser light at the 
Moon, and detect the beam of laser 
light reflected back. But for laser trans- 
mission on Earth, the signals would 
have to be transported through ‘pipe- 
lines’. 
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Putting the picture on to a Laser beam. 


At the sending end, the signal must be superimposed on the laser light beam. The 
signal part is in the form of electrical oscillations. It is not thought possible to put a 
laser signal and an electrical oscillation together, and get them to mix directly. 

The signal may first be mixed with microwaves, and then the mixture of audio fre- 
quencies and microwave frequencies mixed with the laser light. 
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T is a strange household that has no 
box of screws hoarded somewhere 
ready for joining a broken piece of 
woodwork or doing odd repairs around 
the house. Nor will this box always be 
filled with identical screws. Some will 
be black, some brassy, some silver 
coloured. There will be long ones, 
short ones, fat ones, thin ones, screws 
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Four stages in the making of a wood screw. 


with sharp ends and others with blunt 
ends; in fact, a wide range of assorted 
screws. 

This is hardly surprising, for screws 
feature in so many different articles 
for so many purposes and obviously 
different types of screws are needed to 
do different jobs. No one would expect 
an aeroplane wing to be held in place 
by the same type of screw used for 
fixing a chair leg. In fact, one par- 
ticular firm manufactures over 19,000 
various forms of screw. 

Whether they have rounded or flat 
tops, most screws have a straight 
groove cut into the head so that the 
screwdriver will slot into it. It has been 
realized recently that this is not the 
best design because the screwdriver 
can easily slide along the groove and 
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plough into the surface of the article, 
or worse still, chisel a groove in the 
person using it. Some more modern 
designs have a cross-shaped hollow in 
the centre of the head and require a 
screwdriver of the same shape. In 
these, as there is no path to the edge of 
the screw, the screwdriver cannot slip. 

The materials of which the screws 
are made also differ. The vast majority 
are made of steel wire. Sometimes these 
are given a protective plating with 
substances such as nickel. Stainless 
steel screws are used in bathrooms and 
in boats above the water line. Below 
the water line, though, they tend to 
corrode, and corrosion-proof screws of 
silicon bronze are used instead. 

Basically, screws fall into two 
distinct groups — wood screws for use 
with wood and machine screws for use 
with metals. The wood screws taper to 
a point so that they can be driven 
straight into the wood, making their 
own hole and cutting their own groove 
at the same time. But metal is far too 
tough for this and instead, blunt 
ended machine screws are usually used 
in conjunction with a nut which 
already has the correct sort of screw 
thread cut inside it. 

Some screws made of hardened steel 
do cut their own thread into the metal. 
These are known as self-tapping screws. 
Some of them have pointed ends like 
wood screws; others are blunt ended. 
But the main body of the self-tapping 


Making a wood screw. The wire is 
cut into lengths called blanks. The 
blanks are ‘headed’ and a saw cuts —— 


a slot in the head. The screw is ———— 
finally held in a revolving chuck wire 
while a tool cuts the thread. 


screw is straight and does not taper as 
in wood screws. 

There are two ways of inserting a 
self-tapping screw. A hole slightly 
smaller than the screw can be drilled 
right through the metal and then, 
when the screw is inserted, it forms its 
own thread around the already exist- 
ing hole. Alternatively, the screw can 
be given a start by punching a hole in 
the surface and then driven in so that it 
cuts its thread at the same time. 

All small screws are made from 
pieces of metal wire, chopped into 
suitable lengths. There is no need for 
the wire to be heated first. This is not 
true of much larger screws like those 
used in railway engines. With these, 
the metal does have to be preheated 
before it can be worked. This article 
however is confined to the manufac- 
ture of smaller screws from cold metal. 
Manufacture of wood screws 

The pieces of machinery which 
make these screws are usually quite 
small and compact. At one end of the 
machine is a roll of wire assembled on 
a turntable which revolves and un- 
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(Left) A heading machine. The heading tool is about to give the blank a sharp blow 
squashing the head into shape. (Right) Rolling the thread on to a machine screw. 


ravels the wire as it feeds into the 
machines. First of all the wire is cut 
into pieces of suitable length called 
blanks. The head of the screw is formed 
and cutting the thread is the final 
operation. Usually one machine cuts 
the blank and ‘heads’ the screw and 
another cuts the thread. 


Heading 


Part of the machinery holds the 
blank in a vice-like grip. The vice 
widens out near one end so that it is no 
longer in contact with the blank pro- 
truding from it. A mechanical ham- 
mer gives this end of the blank a sharp 
blow, squashing it into the shape of 
the hollow end of the vice. If the screw 
has a flat head then a flat headed ham- 
mer is used. Hammers with a hollow 
curve are used to make round headed 
screws. Sometimes the head is 
machined smooth and afterwards a 
small circular saw cuts a slot init. With 
the slower older types of machine it 
was often possible to follow the passage 
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ofa blank through the machine and see 
quite clearly what was happening. 
Although the principle is still the same, 
modern machinery is far too fast for 
this, often processing screws at the rate 
of 4 a second. 

On another machine, mechanical 
‘fingers’ place the blank in a revolving 
chuck so that a sharp tool can cut the 
thread. The screw revolves about its 
axis while the sharp tool moves hori- 
zontally across, scooping a groove out 
of the revolving blank. As the screw 
is to taper off, the tool moves in 
towards the point of the screw so that 
more metal can be removed from this 
part of the blank. Before packing, the 
screws are inspected. 


Manufacture of machine screws 


Only the making of the thread 
differs from wood screws. As machine 
screws or bolts are parallel sided and 
do not taper off, the thread can be 
rolled on. The rolling machine has two 
hardened strips of metal, each covered 
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with sloping grooves of the same type 
and shape. The headed blank is 
wedged vertically between the two. 
The back strip remains stationary but 
the front one moves across its face 
blocking it from view while it rolls the 
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Some wood screws. 
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Some self-tapping screws. 


screw along with it until the screw 
finally drops out at the far end. 

The nuts which go with the machine 
screws also have to be given a thread. 
They too start out as pieces of wire or 
metal strips which are cut into lengths 
and pressed into shape. The screw 
thread is then drilled out of the solid 
metal with a tool called a tap. The tap 
is made of hardened steel and has the 
thread running round the outside of it. 
The thread is not complete. There are 
three grooves scooped out of it to allow 
the metal shavings to drop clear and 
not clog the machinery. The nuts too 
are inspected before packaging. 
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GALL BLADDER 


A diagram showing the position and rela- 
tive size of the liver in man, and the 
relationships of the gall bladder and bile 
duct with the small intestine. 


HE liver is the largest gland in the 
body. In the embryo it arises as a 
pouch-like outgrowth from the gut, so 
it is to be expected that part of its 
activities is concerned with digestion. 
In the ancestors of the vertebrates it is 
likely that the liver was solely a pro- 
ducer of digestive enzymes. Though it 
still retains something of this activity 
in producing bile, its main functions 
concern the management of foodstuffs 
—fat, carbohydrate and protein — 
storing them and/or converting them 
into the molecules required by the 
tissues. Protein in excess of the body’s 
requirements is broken down (deamin- 
ated), the nitrogen is converted into 
urea which is carried by the blood to 
the kidneys, and the remaining mole- 


Sugar molecules are carried from the gut to 
the liver via the hepatic portal vein. 
Excess sugar is stored in the liver as large 
glycogen molecules and released when re- 
quired by the tissues. Each glycogen mole- 
cule contains many more sugar molecules. 
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The LIVER 


cules are burnt to provide energy. Its 
other roles include the break-down of 
harmful or toxic substances, such as 
alcohol, the metabolism and storage of 
iron and copper, and the making of 
vitamin A (an activity that accounts 
for the rich supply of this vitamin in 
oils obtained from fish livers). It also 
produces heat, so helping to maintain 
the high body temperature. Special 
cells remove dead bacteria and the like 
from the blood. A recently discovered 
role is the storage of vitamin B,, 
(cobalamine) —a substance necessary 
for the proper formation of red blood 
cells. Lack of this vitamin causes 
pernicious anaemia. It is thought that 
the liver releases vitamin B,, when the 
level in the diet is low. It circulates in 
the blood, reaching the sites where red 
blood cells are manufactured. 

The liver consists essentially of a 
series of five- or six-sided columns 
(lobules), each made up of chains of 
cells (trabeculae) radiating from the 
centre. Between the trabeculae are 
blood-filled spaces (sinusoids) and other 
‘spaces’ (canaliculi) into which bile is 
released. A blood vessel passes through 
the centre of each lobule. It collects 


VEIN CONTAINING 


blood from the sinusoids which are 
supplied by branches of the hepatic 
portal vein around the edge of the 
lobule. The central veins join to form 
the hepatic vein that carries blood back 
to the heart. 

The liver is strategically placed in 
relation to the gut and the blood 
supply it receives from there. The gut 
itself has a rich blood supply to absorb 
the digested food material. Blood rich 
in food molecules is conveyed by way 
of the hepatic portal vein to the liver 
before it rejoins the main circulation. 
The liver, by a multitude of chemical 
processes, is then able to act on the 
food, before releasing to the tissues the 
substances that they require. This is 
also part of the activity by which the 
liver controls the composition of the 
blood. 

The food materials arriving in the 
liver from the intestine obviously vary 
from one part of a day to another, and 
from day to day, depending on the 
quality of the food eaten. The activities 
of the liver will also vary, therefore, 
but not merely because of the food in- 
take, for the demands of the tissues also 
vary from time to time. The muscles 
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Chemical Laboratory 


require little fuel while the body is 
resting, but, at a time when they are 
working rapidly, enormous supplies of 
fuel will be required. One of the 
principal activities of the liver in this 
respect is the storage of glycogen—a 
starch-like compound whose molecules 
are made up from numerous glucose 
molecules. When the blood contains 
more glucose than the tissues require, 
the liver cells join the glucose mole- 
cules together to form the larger 
glycogen molecules, and in this form 
they are stored. The liver is prompted 
to do this under the influence of 
insulin, produced by the pancreas. 
When the tissues require further sup- 
plies of glucose, the glycogen mole- 
cules are broken down and glucose is 
released into the blood stream. 

The liver also stores fat. The latter 
can be broken down to release the 
energy needed to power chemical pro- 
cesses or to produce heat. The smaller 
molecules produced can be reas- 
sembled to form glycogen. Thus fats 
can be converted into carbohydrates. 

In a similar way the liver cells can 
break down amino acids and convert 
them into carbohydrates. (They can- 


not build up amino acids from simpler 
units. Most of the amino acids that the 
body requires have to be taken in with 
the food). The amino (— NH,) groups 
remaining are incorporated into urea 
molecules and this waste product is 
passed in the bloodstream to the 
kidneys for removal to the bladder. 
The liver breaks down only those 
amino acids that are surplus to the 
body’s requirements for building up 
proteins and other molecules contain- 
ing them. It normally passes on the 
amino acid molecules that it receives 
from the gut to the tissues that need 
them. 

The liver cells release bile into the 
spaces (canaliculi) between the chains 
of liver cells. The tiny bile canaliculi 
join to form large bile channels that 
eventually join and enter the gall 
bladder. This is a ‘pocket’ that stores 
bile. Leading from the gall bladder is 
the bile duct which carries the bile to the 
intestine. 

Bile is an alkaline secretion con- 
taining certain organic salts — the bile 
salts — the bile pigments, and such sub- 
stances as cholesterol and lecithin. The 
bile salts reduce the surface tension of 
fats in the food, breaking them down 
into tiny droplets. This increases their 
surface area to such an extent that the 
fat-splitting enzymes in the pancreatic 
juice can act upon them. The bile pig- 
ments are breakdown products of 
haemoglobin, the red colouring matter 
in the blood. The characteristic yellow 
colour of the skin in some kinds of 
jaundice is due to the retention of the 
bile pigments in the blood and in the 
tissues. This often results from a block- 
age of the bile duct. The same pig- 
ments give a similar colour to the 
faeces. 

Apart from the production of bile 
and the management of food sub- 
stances, a most important function of 
the liver is detoxication — the conversion 
of harmful or toxic substances (e.g. 


Blockage of the bile duct causes jaundice 
producing the characteristic yellow colour of 
the skin (see upper picture). Lower dta- 
gram shows usual position of gall stones. 


alcohol) into harmless ones. This may 
be carried out in a number of ways. 
Thus ammonia, a highly toxic sub- 
stance, formed in the process of 
deamination, is converted into urea for 
excretion by the kidney. A substance 
such as benzoic acid is combined with 
an amino acid — glycine —and con- 
vected to the harmless hippuric acid. 
Other substances are acetylated, that is, 
—COCH, groupings are added to 
the molecules. This is how the body 
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CHAIN OF LIVER CELLS OR TRABECULA 
BRANCH OF HEPATIC PORTAL VEIN 

HEPATIC ARTERY (carries oxygenated blood to liver) 
BRANCH OF BILE DUCT 

LIVER SINUSOIDS - filled with blood 

BILE CANALICULI 

CONNECTIVE TISSUE ROUND LOBULE 


A block diagram of a liver lobule cut away 
to show its internal structure. 


gets rid of sulphonamides (a group of 
drugs). Associated with these processes 
is the removal of dead bacteria and 
other foreign matter by special cells — 
Kupffer cells. All may be considered 
protective functions of the liver. 

The liver stores both iron and 
copper. It obtains iron from the food 
and also retains that released during 
the breakdown of haemoglobin. Cop- 
per is not itself part of the haemo- 
globin molecule, but in some way it 
enables the iron atoms to be incorpor- 
ated into the haemoglobin molecules. 
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When a neutron is absorbed by a uranium-235 nucleus, the 
nucleus undergoes fission. Two lighter atoms are formed and 
neutrons are given off. In this reaction three neutrons are 
emitted. These neutrons may be absorbed by other uranium 
nuclei and cause fission, or be lost from the mass, or be absorbed 
by an impurity atom and become harmless. 
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235 


WHEN a match is put to a hayrick a single straw might 

first catch fire. The flame from this straw will then 
set two other straws alight, and these two another two each. 
If the flames spread, the whole hayrick will soon be ablaze. 
The tiny flame from the match has started a chain reaction 
in the hayrick. 

A similar thing happens in a nuclear explosion. There, 
the ‘hayrick’ is a lump of uranium-235 and the ‘match’ a 
single neutron. 

When the neutron collides with the uranium nucleus, 
it may be absorbed and nuclear fission then occur. The 
nucleus explodes with great force, throwing out nuclei of 
lighter atoms such as barium, krypton, and lanthanum, 
together with neutrons. 

It is these neutrons that set the chain reaction going. 
They collide with nuclei of other uranium atoms and these 


An uncontrolled chain re- 
action with multiplication 
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A controlled chain reaction occurs when only one neutron from 
the fission reaction is absorbed by another uranium-235 
nucleus. This reaction has a multiplication factor of |. 


disintegrate to produce more neutrons. Suppose that, as a 
result of each fission, two neutrons are released and are 
absorbed by two other uranium atoms. Then, the number 
of exploding nuclei will double in each ‘generation’. The 
numbers of fissions would be 1, 2, 4, 8, 16, 32, 64, 128 and 
so on. In the twentieth generation there would be more 
than a million fissions, in the thirtieth generation more than 
a 1,000 million! These will all have been produced starting 
from a single fission, within one thousandth of a second. 

When the number of exploding nuclei doubles in each 
generation, the reaction is said to have a multiplication 
factor of 2. If the multiplication factor were only 4, the re- 
action would never get under way. It would be rather like 
having wet hay in the hayrick. If the multiplication factor 
were 1, the reaction would proceed steadily to consume the 
uranium, neither slowing down nor speeding up with time. 

It is quite obvious that different multiplication factors 
are needed when nuclear reactions are used for different 
purposes. In a nuclear reactor, used to drive a power 
station or a submarine, the multiplication factor needs to 
be just about 1. Then, to obtain the required amount of 
energy, a carefully controlled beam of neutrons is fired into 
the uranium and the fission rate remains constant, each 
generation having the same number of fissions as the one 
before. A steady, controlled reaction then results. 

In an atomic bomb, as high a multiplication factor as 
possible is needed, so that the chain reaction grows at an 
enormous rate. 

The rate of spread of the chain reaction depends on how 
effectively the neutrons released by one fission are absorbed 
by a neighbouring nucleus. To obtain a fast reaction, as in 
the atomic bomb, great purity of the uranium-235 is 
needed because impurities absorb neutrons. These neu- 
trons cannot produce further fissions and the multiplication 
factor is reduced. In addition, the lump of uranium must 
be big enough to stop neutrons escaping from the mass 
before they have a chance to hit a uranium nucleus. If the 
size of the uranium lump is greater than the critical mass 
then a stray neutron in the atmosphere would set the bomb 
off. For this reason, the uranium is kept in two pieces, each 
smaller than the critical size. These are brought together to 
exceed the critical size when the bomb is dropped. 

This starts off the devastating chain reaction that causes 
an atomic explosion. 
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The Law of MULTIPLE PROPORTIONS 


OMEONE taking a walk along a 
street can have for company one 
person or two or three or whatever 
number of people he likes. But he 
cannot take his walk with 0-565 of a 
person. People just cannot be split 
and the numbers of people he can walk 
with must bear a simple ratio to one 
another, i.e., in this example 1 :2:3. 

Because in chemical reactions atoms 
cannot be split, the same thing applies 
to elements in chemical combination 
with each other. 

The hydrocarbons can be used to 
demonstrate this fact. Carbon and 
hydrogen do not just form one com- 
pound, but a large group of com- 
pounds known as Aydrocarbons. Al- 
though the argument applies to all 
hydrocarbons, it is easier to demon- 
strate it using only those with 2 carbon 
atoms per molecule. These are the 
three gases, acetylene (C,H,), ethylene 
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The ratio of weights of oxygen to com- 
bine with 2 grams of hydrogen is 16:32 
or more simply 1:2. 


(C,H,) and ethane (C,H,). For every 
24 grams of carbon in acetylene there 
are 2 grams of hydrogen. In ethylene, 
the same amount of carbon requires 4 
grams of hydrogen and to make 
ethane, 6 grams of hydrogen are 
needed. The ratio of weights of hydro- 
gen to combine with a fixed weight (24 
grams) of carbon is 2:4:6 or more 
simply, 1:2:3. This is a simple ratio 
and the compounds have obeyed the 
law of multiple proportions. 

This law states that: Sometimes two 
elements combine to form more than one 
chemical compound. When this happens, the 
varying weights of one element which com- 
bine with a fixed weight of the other element 


are in a simple ratio. 

In the hydrocarbon examples, the 
carbon is taken as having the fixed 
weight. This is just for convenience 
with the figures given, but the law still 
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ethylene and ethane are 12, 6 and 4 
grams. This is a simple ratio of 6:3:2. 

The same argument applies to in- 
organic compounds. Hydrogen and 
oxygen form two compounds, water 
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vain numbers of people are in the ratio 
3233; 


holds good for a fixed weight of hydro- 
gen. If the fixed weight of hydrogen is 
I gram, then the varying weights of 


carbon to combine with it in acetylene, 
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Varying numbers of people are in the ratio 
1:3:4. 


(H,O) and hydrogen peroxide (H,O,). 
It is obvious at a glance that hydrogen 
peroxide has twice the oxygen content 
for the same amount of hydrogen. 


Lead and oxygen can combine together to form 5 different oxides. These are lead sub- 
oxide PbO, lead monoxide PbO, red lead Pb,O,, lead sesquioxide Pb,O,, lead dioxide 


PbO... 


The simple ratio is 3:6:8:9:12. 
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ORGANIC CHEMISTRY 


Aniline and the Azo Dyes 


T is little more than a hundred years 
since the first synthetic dye was 
prepared by William Perkin (1838— 
1907). Before 1857 almost all organic 
dyes and pigments were obtained from 
vegetable or animal sources. The 
yellow dye, saffron, for example, was 
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__ In the preparation of nitrobenzene, benzene and concentrated nitric acid undergo a 
double decomposition reaction which also produces water: 


HC CH 


c NITRIC ACID 
H BENZENE 


CONC. 
NITRIC ACID 
& CONC. 
SULPHURIC 


obtained from the yellow stigmas of a 
blue crocus, Crocus sativus, which was 
grown in countries around the Medi- 
terranean. A shell-fish, Murex brandaris, 
was the source of the expensive dye, 
Tyrian purple. 

The amount of dye which can be 
obtained from one plant or animal is 
quite small, and, in consequence, the 
process of extraction tends to be 
costly. The production of Tyrian 
purple is, perhaps, exceptional, but it 
is recorded that 8,500 specimens of the 
shell-fish were used in making 1 gm. of 
dye. In contrast, the chemical re- 
actions used in making synthetic dyes 
have very good yields, and the pro- 
ducts do not generally require much 
further treatment. Synthetic dyes are, 
therefore, cheaper and, furthermore, 
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+- HNO, — | 


(CONCENTRATED) 


can be tailor-made to suit particular 
circumstances. 

Although the first dye, mauveine, 
which Perkin made, was not itself an 
azo compound (i.e., a substance con- 
taining an —N — N— or azo group) 
it was obtained using the same raw 


oS 
HC C.NO, i 
| He | 
HC CH WATER j 
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H NITROBENZENE 


CONTAINING 
SOME ACID 


NITROBENZENE 


COLD WATER 


material, aniline, used in making azo- 
dyes. Aniline, the simplest of the aro- 
matic amines (i.e., compounds con- 
taining —NH, groups), is made from 
benzene, and since benzene is a 
constituent of coal-tar, this whole 


AZO, GROUP 


Structural formula of a simple yellow 
azo-dye, p-aminoazobenzene. 


family of dyes is known as the coal-tar 
dyes. 

Not only is benzene found in coal- 
tar — large quantities are also obtained 
on acommercial scale from oil. In both 
instances the benzene is mixed with 
other substances, so before it is fit for 
use, it must be purified. Benzene from 
coal-tar is more difficult to refine since 
it is contaminated with phenol, pyri- 
dine and thiophene, and also contains 
other aromatic hydrocarbons (xylenes 
and toluene). 

Preparation of Aniline 

An amino group cannot be intro- 
duced into the benzene ring by a single 
chemical reaction. Instead, nitro- 
benzene (C,H,.NO,) is formed first 
and is then reduced in a_ second 
reaction which yields aniline (C,H,. 
NH,). 

Nitrobenzene is made, both in the 
laboratory and commercially, by 
slowly and carefully adding benzene 
to a mixture of concentrated nitric 
acid and concentrated sulphuric acid. 
Aniline may then be obtained from 
the nitrobenzene by reducing it using 
nascent hydrogen (i.e., hydrogen which 
is actually prepared in the presence of 
the nitrobenzene). 

Properties of Aniline 

Aniline is a colourless oily liquid 
which boils at 184°C. The vapour has 
a distinctive odour and is poisonous. 
Aniline is insoluble in water but dis- 
solves in organic solvents. 


BLACK BALLS - CARBON 
BLUE BALLS - NITROGEN 
RED BALLS - OXYGEN 


ed. It™con- 
tains more auxochromes than p- 
aminoazobenzene. 


Phenylazo-2-naphthol is 


Aniline may be regarded as a 


derivative of ammonia —one of the. 


hydrogen atoms in the ammonia mole- 
cule has been replaced by a phenyl 
(C,H, —) group. It is not surprising, 
therefore, that aniline behaves as a 
base — aniline forms salts with acids: 


C.H;.NH, + HCl = = C,H,.NH;.Cl 
aniline hydrochloric aniline 
acid hydrochloride. 


Aniline is to ammonia, as aniline 
hydrochloride is to ammonium chlor- 
ide. 

Aniline is readily oxidized. Various 
oxidizing agents yield different pro- 
ducts. Thus aniline black is obtained 
by the action of potassium dichromate 
in acid solution. It was, in fact, this 
reaction which led William Perkin to 
his investigation of the coal-tar dyes. 
Aniline even undergoes oxidation 
when exposed to the air and as a result 


YELLOW BALL-SULPHUR __ 


Structural formula for fast red II. 


it takes on a dirty red-brown colour. 
In common with the aliphatic 
amines (i.e., amines of the open chain 
hydrocarbons), nitrogen is liberated 
when nitrous acid is added to aniline. 


NASCENT 
HYDROGEN 


Phenol and water are also produced in 
this reaction: 
C,H..NH, + HNO, 


aniline nitrous 
acid 
= C,H,OH + WN, + H,O 
phenol nitrogen water 


However, if the temperature of the 
solution is kept below 10°C. and if it is 
acidified with hydrochloric acid a 
diazonium salt is obtained: 


C,H,NH;.Cl + HNO, 
aniline nitrous 
hydrochloride acid 
= C,H,N,..Cl + 2H,O 
benzene water 


diazonium chloride 


The diazonium compounds contain 
the azo (— N=N—) group and are the 
intermediate in the preparation of the 
azo group of dyes. As the diazonium 
salts are difficult to isolate and are 
explosive in the solid state they are 
usually kept as aqueous solutions. 


Azo-Dyes 


Benzene diazonium chloride (and 
the diazonium compounds formed 
rom other aromatic amines) readily 
react with phenol and aromatic amines 
to form a whole range of brightly 
coloured dyes. Thus a yellow dye 
p-amino azobenzene, is obtained when 
one aniline molecule couples with a 
molecule of benzene diazonium 
chloride. However, if 2-naphthol is 
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C.NH, 
HC 


CH 


Se, 


HC 


ANILINE 


used instead of aniline, a red dye, 
phenylazo-2-naphthol is obtained. In 
practice the more satisfactory azo- 
dyes consist of larger molecules. 

It is the azo group itself which is 
responsible for imparting a colour to 
the compound. The azo group is, 
therefore, known as a chromophore. By 
varying the groups which are coupled 
to the azo group new dyes with dif- 
ferent and better colours can be pro- 
duced. Any groups, such as amino, 
hydroxyl and halides, which modify 
the colour of a dye are called auxo- 
chromes. 

Azo-dyes are particularly useful for 
dying wool, while synthetic dyes of 
other types are more suited to colour- 
ing other fabrics. Whereas some sub- 
stituent groups impart various colours, 
others enable the dye to be used with 
different types of cloth or to serve 
under different conditions (i.e., in 
strong sunlight or in very moist air). 
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HEAT PHYSICS 


REFRIGERATORS 
and the 
SECOND LAW 


F a pan of boiling water is put into contact with a pan | 
containing ice, then the boiling water cools, while the | 
ice melts and becomes warmer. Heat is exchanged between | 
the boiling water and the ice. More heat flows from the | 


water to the ice than from the ice to the water. 


On balance, the heat flow is always ‘downhill’ from the | 


object with more heat to the object with less heat. It is im- 
possible for heat of its own accord, to flow ‘uphill’ i.e., from 
something colder to something hotter. This statement is 
one of the many ways of saying the Second Law of Thermo- 
dynamics. 

Thermodynamics is the branch of Physics which deals 
with moving quantities of heat from one place to another 
and with changing heat energy into energy of a different 
form. The Zeroth Law of Thermodynamics defines what is 
meant by temperature. The First Law says that if we have a 
certain amount of heat energy, we may be able to convert 
it into a different kind of energy, but whatever we do to it, it 
will be impossible to lose it altogether. 

When there is a certain amount of energy held by two 
objects at different temperatures, then the Second Law 
governs the direction of flow of the heat energy from one 
object to the other. Thermodynamics is essentially a series 
of mathematical tricks, and there are many other mathe- 
matical ways of stating the Second Law. However, they 
all boil down to the simple statement 7t zs impossible for heat 
to flow ‘uphill’ of its own accord. 

In a domestic refrigerator, heat is made to flow ‘uphill’. 
Heat must be absorbed from the freezing compartment, 


THIS HAPPENS 


ICE MELTS 


. The Second Law of Thermody- 
namics states that heat always 
flows from hot to cold, and not 
from cold to hot. 


ICE DOES NOT 
FREEZE AGAIN 


BOIL 
ME FURIOUSLY 
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The Second Law states that heat cannot flow away from the cold 
wce-compartment of its own accord. Work must be done and energy 
expended in the process. 


the coldest place in the refrigerator. It is extracted from a 
cold place, and given up to a warmer place, the air sur- 
rounding the refrigerator. But the heat is unable to do this 
by itself. In most domestic refrigerators (those of the vapour 
cumpression type) the heat flow ‘uphill’, from cold to warm, 
is assisted by an electric motor, while the heat itself is 
carried by a vapour in pipes. So energy is used up (by the 
motor) when the heat is transferred. 

The vapour is allowed to condense, and then it is allowed 
to expand suddenly. As it expands, it cools, until its tem- 
perature is below the temperature of the coldest part of the 
freezing compartment. Only then can it extract heat from 
the freezing compartment, for in accordance with the 
Second Law, heat can flow only to a colder object. After 
this, the vapour is compressed by the motor. Its tempera- 
ture rises again, and it can now get rid of its heat to the 
air outside. Then it is expanded, cooled, and the whole 
cycle repeats itself continuously. 

It would be far simpler to make a refrigerator if the 
Second Law were untrue. If, for example, heat could be 
made to flow, of its own accord, from the pan of ice to the 
pan of boiling water, then the ice would automatically 
become colder, and the boiling water would boil more 
furiously. Heat extracted from the ice could be put to good 
use in boiling the water. Refrigerators would need neither 
moving parts nor moving liquids. 

Unfortunately this is out of the question and its im- 
possibility is the main evidence in support of the Second 
Law. 


@oi @ 
POLLEN GRAINS-— 


CLUES TO 


ERY often when a flower is shaken, 
clouds of dust, usually yellow in 
colour, fly off it. This dust is called 
pollen and it is composed of hundreds 
of small particles — the pollen grains. 
The male sex cells develop inside the 
pollen grains. They join with female 
egg cells during the process of fertiliza- 
tion and it is the fertilized egg cells, 
within the seeds, that develop to form 
new plants. 

Pollen grains vary in size from less 
than 1/2500 inch in diameter up to 
1/100 inch in diameter — visible to the 
naked eye. They also have a variety of 
shapes. Some are flat and biscuit-like, 
others are spherical and covered in 
tiny spikes, whilst yet others are 
elaborately patterned. These obvious 
differences in external appearance 
allow the plant that produces the 
pollen grains to be identified. In some 
cases it is often possible to identify the 


Diagrammatic block diagram of a peat bog 
to show how successive layers contain pollen 
of different species in varying proportions 
(represented by symbols). 


genus of plant, and sometimes also 
even the species. The members of 
certain plant families (e.g. sedges) 
produce grains so alike that only the 
family can be identified. 

Analysis of pollen in the air is of 
tremendous value in the study of hay- 
fever. There are many other ways in 
which pollen analysis finds applica- 
tion, but most important is the great 
contribution it has made to our 


POLLEN GRAINS OF VARIOUS SPECIES 


WILLOWHERB 


THE PAST 


knowledge of the Earth’s history in 
the last million years or so—the 
Quaternary period. 

Wind-blown pollen will eventually 
settle and, if it falls on a peaty region 
or into water where it will sink to the 
muddy bottom, it will be trapped. 
Such situations will preserve the pollen 
for many years. Boreholes made into 
lake muds and into peat bogs have 
produced a series of pollen samples of 
different ages — obviously, the deeper 
the borehole into any one bog, the 
older will be the sample collected. So, 
by analysing the samples obtained, 
the changes in the abundance and 
proportions of the different plant 
species can be followed, in the case of 
an old site, over a long period of time. 
In addition, the species identified 
may be either warm- or cold-loving 
and, therefore, the proportions ob- 
tained indicate the climate of a par- 
ticular time. 

Pollen analysis has been made use 
of most fully in Europe, particularly in 
the western part. For many years 


forest trees have been the dominant: fo 


plants of the region. Most of these 
are wind-pollinated and produce large 
quantities of pollen. Analysis of pollen 
samples from various regions have 
demonstrated quite clearly the effects 
of the last ice age and what has 
happened while the ice has been 
receding. 

In southern England during the 
last ten thousand years -— since the 
end of the last ice age — with the in- 
creasingly warm climatic conditions, 
the countryside has been invaded by a 
succession of trees from the warmer 
south. First of all, cold and treeless, the 
tundra was gradually invaded by 
Dwarf Birch and Arctic Willow. Pine 
then followed, and largely replaced it, 
with Hazel encroaching quickly. As 
the climate became more and more 


PEAT SAMPLE PASSES INTO 
CORER AS IT IS ROTATED 


temperate those trees that require 
warmth, such as Oak and Elm, began 
to invade, followed by Lime and Alder. 
A mixed Oak-Alder forest took over 
from Birch and Lime, which became 
proportionately less important. Fur- 
ther north these trees still retained 
their importance, just as they do today. 

In more recent years Birch has in- 
creased in importance with the climate 
gradually becoming cooler. 

The time scales worked out from the 
pollen samples can be compared with 
those obtained from other data so that 
the dates of rises and falls of the sea 
level, of archaeological remains and so 
on can be cross-checked and related. 
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[ TECHNOLOGY | 


THE DIESEL ENGINE 


HE compression-ignition engine is very 
widely used in heavy commercial 
vehicles and buses, as well as taxicabs 
and lighter commercial vehicles. The 
first practical working model was pro- 
duced, in 1892, by Dr. Diesel, a 
German engineer, and it is now most 
commonly known as the Diesel engine. 
The great advantages that this sort 
of engine has over the petrol engine 
are the lower fuel consumption and 
longer engine life. 

In both the petrol engine and the 

Diesel engine the fuel has to be ig- 
nited. It then burns rapidly and 
expands, causing the piston to move 
in the cylinder. In the petrol engine 
a mixture of petrol vapour and air is 
ignited by a spark from the sparking 
plug. In the Diesel, the fuel is ignited 
without using a sparking plug. Ig- 
nition depends on the fact that when 
air 1s compressed it heats up. Air is com- 
pressed in the cylinder by movement 
of the piston. Just before the compres- 
sion stroke is completed, fuel oil is 
sprayed into the combustion chamber, 
where it mixes with the hot compres- 
sed air and ignites. As with petrol 
engines, both two- and four-stroke 
compression-ignition engines are 
made. In the four-stroke the operation 
is as follows :— 
Induction Stroke. The piston moves 
down the cylinder and the inlet valve 
opens. Air is then drawn into the 
cylinder. 


(1 
(2 
(3 
(4 


Compression Stroke. The piston 
rises, both valves close and the air is 
compressed to between one-twelfth 
and one-twentieth of its original vol- 
ume. The pressure reached is over 
500 lb/sq. in., and the temperature 
about 700°C. 


(above) The direct ignition diesel engine 
and (below) the indirect ignition engine 
showing the heater plug installed. 


Power Stroke. Just before the piston 
completes the compression stroke fuel 
is injected into the cylinder and starts to 
burn because of the high temperature 
and pressure. Expansion of the gases 
formed forces the piston down the 
cylinder and thus exerts a turning 
effort on the crankshaft. 


) Induction stroke : pure air enters cylinder as piston descends. 

) Compression stroke : both valves shut as air ts compressed. Fuel is injected near end of stroke. 
) 

) 


Exhaust. The exhaust valve opens 
and the rising piston forces the burnt 
gases out of the cylinder. At the end 
of this stroke the exhaust valve closes 
and the inlet valve starts to open again 
ready for the next stroke. 

Diesel Fuel. Diesel oil is a refined 
product of crude petroleum and has a 
high heat value. 

It ignites at about 400°C, so it 

burns very rapidly when it is injected 
into the engine cylinder, which is at 
about 700°C. In contrast to ordinary 
petrol, diesel oil is virtually non- 
volatile, and there is little lost by 
evaporation. 
Combustion. To secure efficient 
combustion in the diesel engine it is 
necessary to ensure that the injected 
fuel is thoroughly mixed with the air 
in the cylinder. It must be emphasised 
that without air the fuel cannot 
possibly ignite or burn. 

The fuel is injected at extremely 
high pressure through a very small 
hole and therefore enters the cylinder 
in a very fine mist-like spray. But to 
ensure efficient combustion the air 
must be made to swirl, so that each 
particle of fuel can find enough air to 
enable it to burn. The combustion 
chamber is designed to ensure essen- 
tial air-swirl. 

The Combustion Chamber.[n the 
direct injection engine combustion takes 
place in the cylinder directly above the 
piston crown. The fuel is injected 


Expansion stroke : burning fuel causes gas to expand and move the piston downwards causing movement of crankshaft. 
Exhaust stroke : valve opens, piston rises, expelling the gases. 


ay 


ae 


EXHAUST 


Large diesel engines, of up to 2,750 horsepower, are sometimes used in railway locomotives. In this direct 


ignition model the fuel oil is injected direct into the combustion chamber, and the pistons are cooled by the 


lubricating oil. 


directly into the combustion chamber 
towards a cup-like recess in the piston 
crown. 

Turbulence is created by squish; 
when the piston rises on the com- 
pression stroke air is trapped round 
the cylinder walls and then directed 
or ‘squished’ towards the centre of 
the combustion chamber. Engines em- 


ploying this sort of fuel injection 
(direct injection) start easily from 
cold and have a low fuel consumption. 

In the indirect injection system the 
fuel is first injected into a_ swirl 
chamber to ensure thorough mixing 
with air. Here it partially ignites 
and expands into the main combus- 
tion space, where the rest of the 


LUBRICATING 
OIL 


mixture ignites. This ensures complete 
combustion, but because of difficulty 
in starting from cold, heater plugs 
must be used to raise the temperature 
of the mixture. 

Both direct and indirect ignition 
engines have their advantages and 
disadvantages, and the type used 
varies with the application. 
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MAMMILARIA 


TRICHQCEREUS 


Diagram showing the structure of a typical 
cactus and the vast horizontal spread of 
its fibrous root system. 


PRICKLY 
PEAR 
(OPUNTIA) 


CACTI 


H?e!: dry deserts are not among the 
most hospitable parts of the 
Earth’s surface. Few people would 
choose to live in them, yet a surprising 
variety of animals and plants are able 
to ‘make a living’. Prominent among 
these are cacti, flowering plants that 
belong to the family Cactaceae. 

The chief problem facing a plant in 
desert conditions is to obtain sufficient 
water, and, having obtained it, to 
conserve it. All deserts have some 
rainfall, but it is meagre, and a year or 
more may elapse between each shower. 
Moreover, when it does rain, it is 
often as a torrential cloudburst lasting 
only a short while. Thus a plant has 
to take in water rapidly and to store it 
in large quantities. It has to use water 
sparingly and avoid losing too much 
through the drying effects of the air 
and the hot sun. 

Cacti have the necessary qualities 
that enable them to do these things. 
Many have vast spreading root sys- 
tems covering large areas close to the 
surface of the ground, and able to 
absorb great volumes of water quickly: 
the stems are distended and fleshy, 
sometimes forming enormous water 
stores. Often they are pleated, which 


PROPAGATION 
CEREUS 
SEGMENTS ARE 


OFFSETS CAN BE 
REMOVED AND GROWN 


TREE-LIKE 
CACTUS (Rhipsalis) 


sa 


allows them to expand, just as a con- 
certina does, thus increasing their 
water-carrying capacity. Some (e.g. 
Barrel cactus) are like giant water 
butts, others (e.g. Saguaro cactus) 
form long tubular columns stretching 
fifty feet in the air. The cells of the 
water storage tissues ure rich in glue- 
like mucilage. This holds water very 
efficiently and as cacti have no normal 
leaves — they are nearly always in the 
form of sharp protective spines — there 
are no large stomata-covered leaf 
surfaces through which water is lost in 
transpiration (stomata are pores in the 
surface layer of a leaf). A few stomata 
are present in the outer cell layer 
(epidermis) of the fleshy stems and it 
is thought that they open only at night 
(in the majority of plants the stomata 
open in the day and close at night). 
Also, since cacti are so compact, their 
surface area is relatively small, an- 
other important factor in keeping 
water loss to a minimum. As much as 
ninety per cent of a cactus’ bulk is 
water. Such is their ability to conserve 
water, however, that in a laboratory 
experiment no more than a third of 
this amount was lost after some had 
been kept for several years without 
watering. 

The stem, besides being a water- 
store, is the food-manufacturing centre 
of a cactus. It is green in colour, the 
photosynthetic tissue forming a thin 
outer layer surrounding the inner mass 
of colourless water storage tissue. Be- 
sides the barrel-shaped and column- 
like forms, many stems are flat and 


OPUNTIA 
ARE CUT 
HERE 


jointed, somewhat like green, spiky 
biscuits joined edge-to-edge. The 
opuntias have this form. Cacti are 
distinguished from all other succu- 
lents by the possession of areoles. These 
are the tiny pincushions from which 
spines and glochids (barbed hairs) 
project. 

All cacti are perennials, that is, 
they live year after year, just as a tree 
does. There are about thirteen hun- 
dred species, most of which inhabit 
the desert and semi-desert areas of 
North America. The original home of 
the cacti family was in America but 
many species are now found in other 
parts of the world. The Common 
Prickly Pear (Opuntia), for example, 
has grown for many years in South 
Africa and the Mediterranean region. 
After its introduction into Australia in 
the nineteenth century, it spread so 
rapidly that it became a pest. A 
moth-borer was eventually found to 
control the cactus with great success — 
an outstanding example of biological 
control. 

The flowers of cacti are often large 
and showy and exquisitely coloured. 
The petals are always attached to the 
top of the ovary (which is said to be 
inferior) and the fruit is a berry. In one 
species it is juicy and gooseberry-like 
and can be eaten. Cacti are of little 
practical use, however. In such 
countries as Mexico, Prickly Pear are 
grown as fences and hedges to enclose 
and protect houses. The thorns of 
certain cacti (e.g. Barrel cacti) are 
hooked and are used by primitive 
tribes for fishing. In times of food 
shortage, Prickly Pear and similar 
cacti have been chopped up for animal 
foodstuffs, whilst many species are 
grown as decorative plants in green- 
houses and homes. 

Cacti come in all shapes and sizes, 
from some as tall as a cricket pitch 
is long to others no bigger than a shirt 
button. The variety of forms is un- 
doubtedly what makes them such 
attractive plants to cultivate besides, 
of course, their gorgeous blooms. 


(BELOW) EPIPHYLLUM WHICH GROWS ON 
TREES —i.e. IT IS AN EPIPHYTE 
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AREOLES WITH SPINES BUT NO GLOCHIDS 


AREOLES WITH GLOCHIDS BUT 


NO SPINES 
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WO sheets of wet plate glass which 
are in contact with one another 
appear to be firmly stuck together. It 
is very difficult to pull them apart, but 
the two surfaces may be separated 
since they slide easily over one an- 
other. Similar forces of attraction 
hold together a pair of wet dinner 
plates which have not been separated 
after being washed up. Although the 


The forces which are holding these two wet 
plates together are similar to the inter- 
molecular forces in a glued joint. 


action of adhesives is not yet fully 
understood, these two everyday ex- 
periences illustrate the forces of attrac- 
tion which exist when the space 
between two smooth surfaces is filled 
with a fluid. 

The need for taking trouble in pre- 
paring two surfaces which are to be 
stuck together has been recognised for 
a long time. Any exposed surface 
becomes contaminated — the presence 
of a film either prevents an adhesive 
from being spread evenly over the sur- 
face or makes for a possible weakness 
in a joint. Dirt and moisture from the 
atmosphere, the oxide film which 
forms on the surface of most metals, 
and even the grease from fingers can 
cause poor adhesion. 

One common and well tried method 
of preparing surfaces is to rub them 
down with sand paper or a wire brush. 
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It was once thought that the joint was 
strengthened by making the surface 
rough, whereas the value of this treat- 
ment is that it usually strips off the 
surface contamination and exposes a 
fresh surface which is, for a short time, 
free from contamination. Rubbing 
down also tends to smooth the surface 
and so enable as large an area as 
possible of the two surfaces to be 
joined to be in actual contact. The 
idea of roughening the surface is, 
indeed, a fallacy, since any tufts of 
fibre make for weakness rather than 
strength in a joint. 

This, therefore, leads to two im- 
portant requirements for making a 
joint, namely that the two surfaces to 
be joined must be as smooth as possible 
and that all the space between them is 
filled with the adhesive. Only when 
really smooth surfaces are joined can 
they come into sufficiently close con- 
tact with the adhesive and with one 
another for the intermolecular forces 
to hold them together. (Intermolecular 
forces hold together the parts of a 
single piece of material in a similar 
way.) If there are cavities in the sur- 
face (i.e. the surface is not very 
smooth) there is a tendency for the 
adhesive to bridge the gap rather than 
to fill the cavity and in consequence 
the bond is not so strong. 

The properties of the adhesive it- 
self are very important. For instance 
it should have good wetting properties, 
i.e. it should spread fairly easily over 
the solid surface. Failure to do this 
may be due to contamination on the 
surface; for instance, an adhesive 
which is soluble in water would not 
spread over a greasy area. However 


Diagram of a section 
through a glued joint 
(much enlarged). 
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Before the rubber solution is applied to the 
sole, grease and other contamination 1s 
removed using a wire brush. 


an adhesive which spreads too easily, 
(i.€. its surface tension is too low) would 
give a weak bond, so a compromise is 
needed. 

The viscosity or ‘stickiness’ of the 
adhesive is also very important. A 
thin glue which flows easily presents 
few difficulties in application — hol- 
lows in the surface are easy to fill and 
no air bubbles should be trapped. But 
a glue which is too mobile may run 
out of a joint, or into a porous sub- 
stance, particularly when the pressure 
needed to hold the surfaces together is 
applied. 

Most adhesives work best if they 
possess thixotropic properties. They 
appear to be very viscous, but when 
they are stirred vigorously they be- 
come much more fluid, so by suitable 
manipulation they can be made 
‘runny’ when they are to be put on a 
joint, but when shearing forces are 
small they once more become viscous. 

As explained above, one function of 
an adhesive is to fill the space between 
two surfaces which are joined to- 
gether. Of necessity, therefore, an 
adhesive has to be liquid when it is 
applied, but once the joint is made the 
adhesive must become solid. There are 
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Adhesive containing a solvent 


As rubber is not porous, time must be 
allowed for the solvent to evaporate before 
attaching the sole. 


three different ways in which this 
change can come about. 

Some adhesives, like sealing wax 
and solder, are liquid when they are 
hot but solidify when they cool. So 
when one of these substances is used 
for making a joint it is warmed until it 
melts, is spread over the surfaces to be 
joined and then these are left in 
contact with one another to cool and 
solidify. 

Another common type of adhesive is 
the one in which a solid is dissolved in a 
solvent. The solution is spread over 
the surfaces to be joined, but the joint 
has no real strength until the solvent 
has evaporated. If the surfaces are 
porous (e.g. timber, paper) they can 
be put into contact immediately after 
the adhesive has been applied. Thus a 
stamp is put on an envelope im- 
mediately the gum has been moistened. 
The solvent (water) can escape 
through the pores of the paper. How- 
ever, when a puncture in a rubber 
tube is to be mended, the solvent in the 
rubber solution must be given time to 
evaporate before the patch is put in 
place, since the solvent vapour cannot 
pass easily through the rubber. 

In a third type of adhesive a chemi- 


Adhesive which hardens by Chemical Reaction 


_Glue may be applied 
only to clean surfaces. 


The two compo- 
nents of the glue 
are mixed. 


Finally, the rubber sole is hammered down. 
This brings the two surfaces as close 
together as possible. 


cal reaction takes place within the 
adhesive, as a result of which a solid 
material is formed from a liquid. There 
are a number of recently developed 
glues which fall within this class. The 
glue is often supplied as two materials 
which are not mixed until required 
for use. As a result of mixing, the 
chemical reaction which yields a solid 
product occurs. These adhesives are 
organic compounds which polymerize 
(i.e. many small molecules combine 
to form a few giant molecules) when 
the other substance (usually called a 
hardener) is added. 

Sometimes heat is required to bring 
about the chemical change, and this 
affords rather more time for the ad- 
hesive to be worked. There is, how- 
ever, a risk that the adhesive may 
flow more easily (i.e. is less viscous) 
when it is heated and before the poly- 
merization reaction has taken place. 
Clearly, there are added problems in 
heating the joint in bulky objects and, 
in fact, the use of this type of adhesive 
is limited to metals and to thin sections 
of poor conductors (e.g. plywood). 
Adhesives which harden in the cold 
must be used for joining thicker pieces 
of wood. 


’ 
The joint is then heated 
to aid the chemical re-_ 


action which occurs in > 
this type of adhesive. 


; 
i 
; 
| 
; 


; 
; 
j 
j 
: 


There is invariably a tendency for 
some shrinkage to occur during setting. 
Such volume changes create stresses in 
the joint and can even cause the glue 
to lift from one of the surfaces. When- 
ever possible the adhesive should have 
mechanical properties similar to those 
of the materials being joined. The 
elastic properties of the joint are 
particularly important—the joint 
should not fail when the object is sub- 
ject to the stresses of service conditions. 

As well as fulfilling the require- 
ments outlined above, the choice of 
adhesive will also depend upon the 
conditions under which it has to serve. 
Thus the glue used to repair a china 
tea cup has to resist the action of boil- 
ing water, while the plywood used in 


Adhesive which solidifies on 
cooling. 


LL 


Grease and metallic oxide are first re- 
moved from the surfaces to be joined. 


Molten solder is applied to the pre- 
viously heated surfaces. The joint is 
then left to cool and for the solder to 
solidify. 


boat building has to withstand pro- 
longed submersion in sea water. In 
addition the life of the joint should be 
similar to the life of the article — if the 
article is to last only a few weeks, it is 
not necessary to use a glue which has a 
long life. 

On the manufacturing scale, the 
cost of joining using an adhesive is also 
important, for there are usually alter- 
native methods of joining objects using 
screws or rivets. ‘Will an adhesive do 
the same job as a mechanical joint at a 
smaller cost?’ Not only must the cost 
of the materials be considered, but also 
the labour costs and those of the 
machinery needed. 
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ELECTRONICS 


HEN it is finished, the transistor 
super-het radio receiver will fit 
into a box about 4 inches high, 64 
inches wide and 14 inches deep. All the 
components will be soldered on to a 
printed circuit board, where most of 
the electrical connections between 
them will be made by the thin layer of 
copper deposited on to the back of the 
insulated board. But it is not easy to 
identify the properly assembled circuit 
with the circuit diagram. 

For this reason, the model on the 
page opposite has been made up 
simply by joining all the stages in 
order. An incoming radio signal starts 
at the aerial at one end, and finishes 
up as an audible sound at the loud- 
speaker at the other end. 

Roughly speaking, the super-het 
can be divided into four stages. The 


The circuit diagram 
for the complete 
super-het. 


STAGE | - 
THE OSCILLATOR MIXER 


FERRITE 
ROD AN 


AERIAL 
COILS a 


Cc. 


‘“GANGING’ OF 
CAPACITORS 
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aerial is part of the first stage, the 
oscillating-mixing stage, which is the 
key to the whole process of heterodyning. 
‘Super-het’ stands for super-heterodyne, 
and heterodyning a signal means 
mixing it with another oscillating 
electrical signal of a higher frequency. 
This may seem to complicate matters 
inside the set, but in fact it is made to 
work so that it converts all radio sig- 
nals, whatever their wavelength or 
frequency, into signals of intermediate 
Srequency, of about 465 kilocycles per 
second. By doing this, the later stages 
of the set are simplified. Instead of 
having to deal with ‘carrier’ frequen- 
cies of anything from 500 kilocycles per 
second to 1,500 kilocycles per second, 
the later stages will have to allow 
through them only one kind of carrier 
signal, the 465 kilocycle signal. 


inp ans 


ine 


In the second stage, the intermediate 
frequency amplifiers amplify the inter- 
mediate frequency radio signal. They 
are amplifying a signal of frequency 
465 kilocycles per second, modulated 
or distorted by the information the 
signal is carrying. Transistors have to 
be designed specially to cope with the 
fairly high frequency, for the higher 
the frequency, the more likely the sig- 
nal is to be distorted in unwanted ways 
by the transistor. 

In particular, the transistors start 
behaving like capacitors at these fre- 
quencies, and to compensate for this, 
a neutralizing circuit has been added to 
the second stage of the model. Two 
resistors and two capacitors have the 
effect of cancelling out the capacitance 
of the transistors. 

But while this circuit may be neces- 
sary for most transistors, it is not in 
fact required in this particular set. For 
there is something different about the 
first three transistors of the set. They 
have four leads instead of the cus- 
tomary three leading to base, collector 
and emitter. The red lead is the extra 


» 


~ 
hanna ee ee 


1321 


lead, and in common with all red 
wires on the circuit model, it leads 
directly to ‘earth’. (It is usual for the 
positive ‘red’ terminal of the battery to 
be connected to ‘earth’ so that it is at o 
volts and the negative terminal of the 6 
volt battery is at —6 volts.) By means 


CONSTANT 
AMPLIFIER OUTPUT 


TREBLE 


FREQUENCY —> 


purpose of the third stage, the diode 
detector, is to separate the intermediate 
frequency signal from the message. 
The diode lets through either the 
pushes of the alternating current, or 
the pulls, but not both. This enables 
the message part of the signal to have 


LOUDSPEAKER 
OUTPUT IS NOT 
CONSTANT 


FREQUENCY —> 


The amplifier amplifies bass and treble equally, but the loudspeaker boosts the treble. 


Boosting the Bass 


The transistors in the final stage amplify all signals fairly equally, over the audible 
range. So if two signals of the same volume corresponding to different notes, one of 
middle C, and the other the note an octave higher, arrive at the final stage, they will 


both be amplified by the same amount. 


_Unfortunately, the loudspeaker does not work in this way. It tends to accentuate the 
higher frequency signals. So even though the loudspeaker was given electrical impulses 
of the same size, the note an octave higher would come out of the loudspeaker louder 


than the middle C. 


Of course, this means that the notes are not each at their proper volume, and the 


reproduction would not be very good. 


NOW AMPLIFIER 
OUTPUT VARIES . . 


FREQUENCY —> 


... WHILE LOUDSPEAKER 
OUTPUT IS CONSTANT 


... THE SAME 
iss SIZE AS THE 
TREBLE 


FREQUENCY —> 


The feed-back capacitor allows back more treble than bass, and this has the effect of 
reducing the treble coming from the amplifier. 


of these earthed fourth connections, 
the effective capacitances of the tran- 
sistors are reduced. 

The intermediate frequency, 465 
kilocycle per second, signal travels 
only as far as the end of the second 
stage, and is then disposed of. For the 
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some effect, for before, when there 
were both pushes and pulls, the pushes 
and pulls were oscillating up and down 
at such a high frequency that pushes 
cancelled out pulls. If there are, for 
example, only pushes, then they can- 
not possibly cancel out with anything. 


Still the signal contains some of the 
higher intermediate frequency. But 
only the lower frequency (audio fre- 
quency signal) is required. It is, how- 
ever, a fairly simple matter to separate 
two signals of different frequency. A 
capacitor, for instance, offers a fairly 
easy route to a high frequency signal. 
It does not offer such an easy path for 
a lower frequency signal. So the path 
of the signal branches, one branch 
leading to a capacitor and the other to 
a resistor. The intermediate frequency 
signal takes the capacitor route and 
the audio frequency signal takes the 
resistor route. The intermediate fre- 
quency signal finds it has been led 
along a blind alley, for the capacitor 
shunts it directly to Earth. However, 
the audio frequency signal chooses the 
path leading to the next stage. 

The components lying between the 
third and fourth stages are of especial 
interest, for they include the volume 
control of the super-het set. 

The volume control is basically a 
resistor, the second of the two branch- 
ing resistors leading from the detecting 
stage. By altering the value of this 
resistor, the amount of signal reaching 
the next stage (and so the volume of the 
signal coming out of the set), can be 
controlled. An automatic volume control 
(A.V.C.) is also included. This is a 
resistor leading back from the end of 
the intermediate frequency part to the 
start of the intermediate frequency 
part. It is sometimes known as a 
feed-back resistor, for it feeds back some 
of the signal across this stage. It has a 
sort of ironing out effect on the signal, 
reducing changes in the signal strength 
brought about by changes in atmos- 
pheric conditions. 

In the fourth and final stage of 
the transistor, the signal is given its 
final audio-frequency amplification. The 
transistors amplify in their normal way 
in the first part of this stage, but in the 
second part of the stage, two transis- 
tors are employed to do the work of 
one. The arrangement has the advan- 
tage of drawing far less current from 
the battery when the set is in use. 

The signal passes from these two 
transistors to a transformer, which 
transfers it across to the loudspeaker, 
where the signal at last becomes 
audible sound. 


INORGANIC CHEMISTRY 


ACID-ALKALI 
TITRATIONS 


HEN a new substance is to be 
made by a chemical reaction, it 
is best to use exactly the right amounts 
of the reactants, so that all are con- 
sumed and nothing is left over. If the 
reactants are solid, the correct quanti- 
ties can be measured out by weighing. 
Quite often, however, the substances 
are available in solution, and al- 
though a certain volume of the solu- 
tion can be measured out easily, this 
could contain almost any amount of 
the required reactant. 

It is much more difficult to measure 
the amount of substance dissolved in a 
liquid, than it is to weigh a solid. In 
some instances it would be possible to 
evaporate a certain quantity of the 
solution and then weigh the residual 


solid. However, a much more satis- 
factory method of estimating the 
amount of the substance in solution is 
to find how much of this solution is 
required to react completely with a 
certain quantity of another solution 


whose strength is known. (Such a solu- 
tion is called a standard ager But 
for this method to succeed, it is 
necessary to know when sufficient of 
the second reactant has been added to 
react completely with the first sub- 
stance. 

If some dilute sodium hydroxide 
solution (alkaline) is put into a conical 
flask together with a few drops of 
phenolphthalein, the solution becomes 
pink in colour. If dilute hydrochloric 
acid is added slowly to the liquid in the 
conical flask, the colour of the mixed 
solution will suddenly disappear after 
a certain amount of acid has been 
added. 

Phenolphthalein is an indicator — it 
is pink in alkaline solution but is 
colourless in acid solution. While there 
was an excess of the alkali (sodium 
hydroxide) in the flask the pink colour 
persisted, but as soon as all the alkali 
had reacted with the acid, and there 
was a very slight excess of acid, the 
solution became colourless. 

If the solution in the conical flask 
contains 1,000 molecules of sodium hy- 
droxide, the colour of the solution will 
not change until 1,000 molecules of 
hydrochloric acid have been added. 
When this happens the solution will be 
neutral (i.e. neither acid nor alkaline) 
and 1,000 molecules of sodium chlor- 
ide (common salt) will have been 


SOLUTION® 


NEUTRAL 


As soon as the sodium hydroxide solution has 
been neutralized by the acid, the phenol- 
phthalein indicator changes from pink to 
colourless. 


formed. The required number of hy- 
drochloric acid molecules may be in 
2 ml, 20 ml, or 200 ml of solution. If 
there are 1,000 molecules of sodium 
hydroxide in 20 ml of solution and 200 
ml of hydrochloric acid have to be 
added for the colour of the solution to 
change (i.e. for 1,000 molecules of 
acid to be supplied), it follows that the 
sodium hydroxide solution is ten times 
as strong as the hydrochloric acid. 

There are, of course, far more mole- 
cules of a substance in solution than the 
above description suggests. In fact 1 ml 
of the dilute hydrochloric acid found on 
the bench of any laboratory contains 
about 1,200,000,000,000,000,000,000 
molecules. As this is such a large num- 
ber, a simpler method of describing 
the strength of a solution is used, but it 
still gives a direct indication of the 
number of molecules (not the number 
of grams) of the substance which there 
are in a certain volume (1 litre) of the 
solution. 

The strengths of all solutions are 
related to a normal solution — one litre ofa 
normal solution contains the gram 
equivalent weight of the substance. For 
hydrochloric acid (HCl), with one 
hydrogen atom in each molecule, the 
gram equivalent weight is the same as 


the gram molecular weight [1 (1 hy- 
drogen atom) + 35:5 (1 chlorine 
atom) = 36°5], so that a normal 
solution of hydrochloric acid contains 
36-5 gm per litre. 

However, since each molecule of 
sulphuric acid (H,SO,) contains two 
hydrogen atoms, 500 molecules of this 
acid will neutralize 1,000 molecules of 
sodium hydroxide. The equivalent 
weight of sulphuric acid is, therefore, 
half its molecular weight [2 (2 hy- 
drogen atoms) + 32 (1 sulphur atom) 
+ 64 (4 oxygen atoms) = 98], soa 


To neutralize a solution of sodium hydroxide with hydrochloric acid, sufficient acid 
must be added so that there are the same number of molecules of acid as there are of 
alkali. However, if sulphuric acid is used, only half as many molecules of acid are re- 
quired since two molecules of sodium hydroxide are neutralized by one of sulphuric 


acid. 
+ @= 


HYDROCHLORIC 
SODIUM HYDROXIDE ACID 
(ONE MOLECULE) 


+ (oa 
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SODIUM CHLORIDE 


SODIUM HYDROXIDE 
(TWO MOLECULES) 


SODIUM 
SULPHATE 
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A FIXED VOLUME | 

OF ALKALI IS 2X 
MEASURED OUT t 
USING A PIPETTE 


NOT PUT IN THE 
BURETTE AS 
THEY DISSOLVE 
GLASS AND 

F : WOULD UPSET 
As caustic alkalis tend to attack glass, By ESCAUBRATIONS 
they are usually put in the conical ; 
flask. A fixed volume (e.g. 10 ml or 25 
ml) is, therefore, measured out care- 
fully using a pipette. After the solution 
has drained into the flask a few drops 
of indicator (phenolphthalein) are 
added. 


PHENOLPHTHALEIN 
INDICATOR BEING 
ADDED, ONLY A 
FEW DROPS ARE 
NEEDED. 
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normal solution of sulphuric acid con- 
tains 49 gm of acid per litre. 

This system has the great advantage 
that once the concentration or nor- 
mality of the solution is known, it 
is an easy matter to find how much of 
one solution is required to neutralize 
another solution. For instance 20 ml 
of normal (or.1N) hydrochloric acid 
will neutralize either 20 ml of 1N 
sodium hydroxide, or 10 ml of 2N sod- 
ium hydroxide or 200 ml of 0: 1N sod- 
ium hydroxide. Each of these three 
quantities contains the same number 
of molecules of sodium hydroxide and 
is just sufficient to neutralize the 
hydrochloric acid solution. 

This is the basis of the technique 
known as volumetric. analysis, namely 
a means of finding the strengths of 


é 


Standard Solutions 

The usual way of obtaining standard 
solutions (i.e. solutions of known con- 
centration) in the first place is to 
dissolve a known weight of solid in a 
measured volume of water. 0-OIN 
solutions are frequently used in acid- 
alkali titrations. Clearly the acid or 
alkali must be available as a pure 
crystalline solid, otherwise it is diffi- 
cult to know whether the correct 
quantity of substance has been used. 
Sodium hydroxide is not satisfactory 
for this purpose as it is deliquescent 
(absorbs water), while sodium car- 
bonate crystals effloresce (lose water of 
crystallization 


solutions provided the strength of one 
is known. This article is concerned 
only with acids and alkalis but there 
are a number of other solutions which 
can be examined by a similar pro- 
cedure. ; 


The actual process of finding how 
much acid wil] react with a certain 
quantity of alkali is called a ¢ztration. 
The acid is usually placed in a burette 
(a graduated tube with a tap at the 
foot), while the alkali is measured out 
into a conical flask. A fixed quantity of 
alkali (10 ml, 20 ml, or 50 ml) is usually 
measured out using a pipette (see page 
1286). 

After the indicator has been added, 
small quantities of acid are run into 
the conical flask from the burette. 
After each addition of acid (about 1 ml 
at a time in the first titration) the 
liquid in the flask is swirled round to 
ensure that acid and alkali have been 
properly mixed. When sufficient acid 
to neuvralize the alkali has been 
added, the colour of the solution 
changes in a trice—one second the 
solution is pink and in the next it is 
colourless. 

The quantity of acid added is found 
from the burette readings. This first 
amount is only approximate and 
several further titrations are perfor- 
med using fresh solution each time. 
The procedure for these subsequent 
titrations is different. The first one will 
have shown within 1 ml how much 
acid is needed to neutralize the alkali, 
so much more care will be taken in 
adding acid as the end point is ap- 
proached. It should be possible to 
titrate to the nearest drop (about 
0°05 ml). 

The equivalent volumes of acid and 
alkali are now known so that the 
strength of the second solution can be 
found provided the concentration of 
the first is known. A stock of standard 
solutions is kept in most laboratories 
for this purpose. The method of cal- 


Burette readings 
Second level 
First level 


an example is shown. 


Volume used (ml) 


22-7 ml of 0-098N 
or 1-0 mlof0-098 x 22-7N sodium hydroxide 
or 25-0 ml of 0-098 

25-0 
i.e. the sodium hydroxide is 0-089N. 


CLEANING A 
BURETTE 
W'TH A 
BRUSH AND 
DETERGENT 


Cleanliness 


The need for scrupulously clean 
glassware is even more important in 
volumetric analysis than in other 
branches of chemistry. Not only can 
the presence of other substances upset 
the chemical reactions, but traces of 
grease in the burette or pipette can 
lead to false readings because the 
meniscus (curved surface of the liquid) 
is not properly formed. Volumetric 
apparatus should be washed carefully 
each time it is used. Periodic cleaning 
with chromic acid is recommended as a 
further precaution. 


culating the strength of the second 
solution is quite straightforward and 


Typical Results of an Acid-Alkali Titration 


0-098N hydrochloric acid (in burette) titrated against 25-0 ml 
sodium hydroxide solution. 


Rapid 
Reading Accurate Readings 
27-3 23-6 24-1 23-9 
4-3 0:8 1-4 1-2 


23-0 


22-8 226 22-4 


22-7 ml of 0-098N hydrochloric acid neutralized. 


sodium hydroxide 


X_22-7N sodium hydroxide 
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GEOLOGY 


REA DIN G 


the Rocks 


EVER since the Earth’s formation, 

its surface has been subjected to 
erosion, deposition, folding and uplift. 
The story of all these changes is 
written in the rocks and its unravelling 
is part of the science of geology. One 
of the basic principles involved was 
first put forward in 1785 by a Scottish 
geologist named James Hutton. He 
had watched cliffs crumbling and sand 


In appearance, the gravel deposit looks the 
same all through, but the right-hand end is 
much younger than the left because sea-level 
gradually rose from A to B. This feature ofa 
rock cutting across the time zones, is called 
diachronism. 


being carried out to sea and he realised 
that here were new rocks in the 
making. He reasoned that such chan- 
ges had been going on for millions of 
years and that the same processes that 
form rocks today must have formed 
similar rocks long ago. This idea, 
which Hutton stated thus: ‘the present 
is the key to the past’, is very simple but 
at the time was quite new. 

The value of Hutton’s ideas, which 
were published in 1795 in his “Theory 
of the Earth’ were not realised for 
some time but they are now the basis 
of palaeogeography. Coal-seams, lime- 
stones and conglomerates all indicate 
certain past conditions and by follow- 
ing them we can deduce the geography 
at the time of their formation. Hutton 
was also the first person to explain and 
understand —unconformities — junctions 
where one rock layer rests on irregular 
surfaces of one or more older layers. 
Hutton correctly assumed that the 
lower rocks had been subjected to 
erosion before the upper layer was 
deposited ; in other words, there was a 
break in the geological column at that 
place. Such breaks may represent 
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millions of years of erosion. 

Another famous geologist who hel- 
ped to unravel the story of the rocks 
was William Smith —the ‘Father of 
English Geology’. He had collected 
fossils as a child and continued to do 
so during his career as a surveyor. 
Road and canal construction gave him 
ample opportunity to study the rocks 
and their fossils. As a result of his 
studies, Smith stated the Law of 
Superposition — ‘Of any two rock for- 
mations, that which was originally the 
lower, is the older of the two’. This idea 
had been put forward earlier when it 
was realised that sedimentary rocks 
are made up of deposited fragments. 
William Smith also produced another 
law relating to fossils. He realised that 
‘each group or series of rocks has a charac- 
teristic collection of fossils that do not 
appear either above or below the rocks in 
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The distribution of fossils in time and 
space. Fossil X is useless for dating rocks as 
it occurs over a long period of time in a 
restricted area. Fossil Y is also no good as it 
covers a long period of time. Fossil Z is very 
good. It is widespread and confined to a 
short period of time. 


question’. Using this law it is thus 
possible to place any rock formation in 
its right place in the geological column. 

Fossils are extremely important to 
the student of geology, but not all 
fossils are of value in dating rocks. 
The most valuable ones are those of 
animals that evolved and _ spread 
rapidly and then disappeared. Such 
fossils as the graptolites are ideal and 
can be used to date a rock quite 
accurately. Animals (and plants) that 
continued unchanged for a long time 
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and those that occurred in only a 
small area are of no value for 
comparing the ages of rocks. 

The work of Hutton and Smith 
therefore laid the foundations of strati- 
graphy. This is the branch of science 
that deals with the geography of 
geological periods and the way in 
which the records are preserved in the 
rocks. For example, by applying the 
work of these two men to the rocks of 
Britain, we can deduce the history of 
the land. The fossils tell us the relative 
ages of the rocks, and whether they 
are marine, fresh-water or land de- 
posits, and also something of the 
climate. Hutton showed how we can 
follow the formation of the rocks and 
the changes that have taken place 
since. 


When material is deposited at the edge of a lake or just off-shore, it settles in a typical curve. 
Subsequent erosion of the material leaves a truncated surface and it 1s obvious which was the 
top, even if the beds have since been turned upside down by overfolding. 


difference in age. Lithology (the study 
of the nature of rocks) is not, therefore 
a reliable guide on its own. 

Many rocks contain very distinctive 
minerals or groups of minerals. If 
pebbles of such a rock occur in other 
rocks, the latter must obviously be 
younger. If this younger rock contains 


An unconformity. The lower, older rocks had been folded and eroded for long periods before 


the upper ones were laid down. The irregular junction thus represents the passage of many 


millions of years. 


The younger rocks of Britain occur 
mainly in the south and east and it is 
quite easy to follow the succession. 
Further north, however, the rocks 
have been greatly disturbed and folded 
and many of them occur only in iso- 
lated patches. Where fossils occur it is 
easy to place the rocks in their right 
position but, quite often, fossils are 
absent and other methods must be 
used. 

The nature of the rock itself can 
sometimes be used to correlate it. If 
two outcrops contain the same sorts of 
pebbles and minerals it is likely that 
they are parts of the same deposit but a 
feature known as diachronism (= across 
time) can upset this reasoning. If 
pebbles or sands are being deposited 
in a slowly sinking region the beds 
formed, although continuous, will cut 
across the time-scale at the edges. If 
fossils are present they may be of very 
different types and indicate a great 


fossils, a minimum age in the geologi- 
cal time scale can be obtained for the 
rock in question. If this rock overlies 
fossiliferous rocks, a maximum age can 
be obtained too. It is necessary to 
ensure that the rocks are the right 
way up, however, for it is possible 
that overfolds might have occurred so 
that the older rocks now lie on top. 
Several features help to show if a 
rock is the right way up. Cross- 
bedding or current-bedding of sands de- 
posited on land or in water can be 
important. It gives a characteristic 
curve to the layers and if part is later 
eroded it is clear which was the top 
and bottom. Ripple-marks and sun- 
cracks in sand and mud can fill up 
with sand before being smoothed out, 
and again, it is obvious which rock 
was underneath. Water-borne de- 
posits show graded bedding — the coarser 
particles coming down first, followed 
by finer ones. Where sediment was 


supplied only periodically, the suc- 
cessive layers clearly show top and 
bottom. The older of two rocks can 
also be determined by finding derived 
pebbles in the other one. 

The early geologists believed that 
granites and other igneous rocks were 
formed before all the sedimentary 
rocks, but James Hutton disproved 
this by finding dykes of igneous rocks 
cutting across sediments. As they lack 
fossils, igneous rocks are also difficult 
to date. Obviously they must be 
younger than the sediments that they 
cut across and older than the sedi- 
ments deposited on their worn sur- 
faces, but intrusions that did not reach 
the surface are more difficult to date. 
A maximum age can be given but not 
a minimum. The igneous rocks are hot 
when they invade the sediments and 
the latter are usually altered by the 
heat. A lava flow will only alter the 
rocks below but an intrusive sill will 
bake the overlying rocks too. 

It is this sort of evidence, patiently 
collected by geologists, that has gone 
into the making of geological maps 
and the geological time scale. When all 
the details are fitted together it is 
possible to give a fairly accurate his- 
tory of an area. The application of 
these principles to the geological his- 
tory of Britain will be followed in 
future articles. 
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HEAT PHYSICS 


ies 
The Third Law of Thermodynamics 


DANIEL GABRIEL FAHREN- 

HEIT did not like the idea of 
having to deal with negative tem- 
peratures. So, in devising his tem- 
perature scale, he made sure that he 
would never meet a negative tem- 
perature. He made the zero point of 
the scale, o°F, the temperature of the 
coldest substance then known, a freez- 
ing mixture of ice and salt. 

But this advantage in the Fahren- 
heit scale has long since disappeared. 
Methods of reaching far lower tem- 
peratures have been developed — these 


are negative temperatures on the 
Fahrenheit scale. One method invol- 
ves cooling a gas, compressing it, and 
then allowing it to expand suddenly. 
Under these conditions, many gases 
cool a great deal more. Still lower tem- 
peratures can be reached with some 
solids by first cooling them while they 
are in a strong magnetic field. When 
the field is removed, the temperature 
of the solid drops still further. 

There is, however, a very definite 
limit to the cooling possible with these 
processes. There is a natural zero of 
temperature, the Absolute Zero, which 
is definitely the lowest temperature 
possible. While Fahrenheit’s ‘coldest 
possible temperature’ did not stay the 
coldest temperature possible for very 
long, there is no likelihood of ever 
making anything colder than Absolute 
Zero. 

To scientists watching the behaviour 
of gases as they were cooled, it became 
obvious that there must be an Absolute 
Zero. For the cooled gases contracted. 
The rate of contraction was measured, 
and it was worked out that if the cool- 
ing could have continued down to 
—46o0°F, (—273° on the centigrade 
scale) the volume of the gas would 
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have shrivelled to nothing. Obviously 
it would be impossible to make any 
gas colder than Absolute Zero, where 
it would occupy less than no space! 

While it was recognized as impos- 
sible to reach any temperature lower 
than Absolute Zero, the question still 
remained: was it even possible to 
reach Absolute Zero itself? And al- 
though scientists are now within a few 
millionths of a degree of reaching it, it is 
known that they will never actually 
get there. 

This statement is one of the ways of 
saying the Third Law of Thermo- 
dynamics: ‘It is impossible, no matter 
how we try to cool something, to cool 
it down to Absolute Zero’. 


HELIUM 
— LIQUIFER 


Scientists have found that the 
colder a substance is, the more diffi- 
cult it becomes to cool it further. It is 
difficult to insulate the substance, and 
keep the heat from the laboratory 
from flowing to the substance. (Mat- 
erials at low temperatures are  in- 
variably contained in elaborate kinds 
of vacuum flasks to insulate them). But 
this is not the main reason for not 
being able to reach the lowest tem- 
perature. 

The only suitable cooling method 
is, then, the one in which a special 
kind of crystal is first cooled to within 
a few degrees of Absolute Zero with 
liquid helium. The crystal is at the 
same time in the magnetic field of a 
large and powerful electro-magnet. 
The liquid helium is taken away, the 
crystal is completely insulated and 
isolated, and the magnetic field is 
slowly switched off. Changes take 


CRYSTAL 


place in the way the atoms in the 
crystal are arranged, and the result is 
a drop in temperature. 

Theoretically, it should then be 
possible to use this cooled crystal to 
cool yet another crystal, and repeat 
the magnetization and demagnetiza- 
tion process many times, each time: 
getting closer and closer to Absolute 
Zero. Unfortunately, as the tempera- 
ture gets lower, it happens that the 
temperature drop gets smaller and 
smaller. So for a crystal very close to 
Absolute Zero, the drop in tempera- 
ture becomes infinitely small. No 
matter how many times the crystals 
are successively cooled the tempera- 
ture drops are so tiny that the crystal 
will never reach Absolute Zero. 


AGRICULTURAL SCIENCE 


CROPS without SOIL 


ORE than two hundred and fifty 
years ago the first recorded 
attempt was made to grow plants 
solely in a liquid medium. In 1804 
a Swiss, de Saussure, carried out more’ 
controlled experiments, culturing 
plants in dilute solutions of various 
salts. Amongst other things, he showed 
that a plant is able to absorb the salts it 
requires from very dilute solutions. 
From these early beginnings the 
science of hydroponics has emerged. 
Hydroponics is the growing of plants 
in solutions of pure chemicals. 

In the first place hydroponic 
methods were confined solely to the 
laboratory. The early plant physiolo- 
gists used water culture methods to 
determine the way in which plants 
feed and the salts that they require. 
Today, water culture methods are 
still an important research tool but 
they also have commercial applica- 
tion. Some tomatoes and cucumbers, 
for example, are grown by hydroponic 
methods. Moreover, purely hydro- 
ponic techniques have been super- 
seded by others in which the plants are 
provided with a medium to root in — 
sand, gravel and vermiculite are com- 
monly used. The rooting material may 
be supplied with solid fertilizer which 
is washed in with water, or with liquid 
fertilizer containing the necessary salts 
in the correct proportion. A more 
advanced method — the sub-irrigation 
system — involves flooding the rooting 
material (aggregate) by pumping in a 
nutrient liquid at preset intervals. Sur- 
plus solution drains back very slowly, 
by gravity, into the large storage tanks 
and is then available for recirculation. 
Disadvantages of this method are 
mainly that the strength of the solution 


decreases gradually with each applica- 
tion, and, more serious, the propor- 
tions of the salts dissolved in it may 
change. Analysis of this is tricky and 
requires careful and skilful estimation, 
for many of the required nutrients are 
present only in minute quantities. 
Such elements as molybdenum, man- 
ganese, copper, boron and zinc are 
needed in amounts less than one part 
per million in solution. Some sub- 
stances must be added from time to 
time to maintain the correct propor- 
tions of mineral salts. 

However, soilless cultivation has 
several advantages over normal horti- 
cultural methods (though the reverse 
is also true). The plants can be fed so 
much more intensively that more can 
be cultivated in a given area and thus 
greater yields are obtained than with 
plants grown in soil in the ordinary 
way. The feeding can be related to an 
aggregate whose physical properties 
are known and which remain rela- 
tively constant. 

The soil is an ever changing en- 
vironment responding both to mech- 
anical and physical factors, such as 
rainfall, temperature, the drying 
effects of sun and wind, and the living 
population. Its organic content (i.e. 
decaying animal and plant matter) is 
continually changing, as it is broken 
down by bacterial and other activity 
and as the growing plants use up 
nutrients. The results of applying 
nutrients and other substances are less 
predictable, therefore, and soil-borne 
pests are less easily controlled. 

Where overhead watering is em- 
ployed it is best to use an aggregate 
that dries out slowly. Clean sand of 
medium grain size is most suitable, 


A tank set up for soilless culture. 


APPLE TREE 


TO SUCTION 
PUMP 


AIR 
BUBBLES 


PRESSURE IN 

AIR LINE DRAWS 
OXYGENATED 
NUTRIENT SOLUTIC 
UPWARDS OVER 
ROOTS 


AIR LINE 


> 


NUTRIENT 
SOLUTION 


AIR STREAM IS 
BROKEN UP INTO 
FINE BUBBLES 
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THIMBLE 


Three methods of supplying aerated nutrient 
solution to apple trees. 

whereas for sub-irrigation techniques 
a coarser aggregate, such as gravel, is 
needed. 

The composition of the nutrient 
solution and how often it is applied 
will vary with the requirements of dif- 
ferent plants and also with the season 
and local weather conditions. A high 
phosphate level encourages the early 
ripening of many crops. Tomatoes are 
responsive at different times of the 
year to varying proportions of the 
three major plant nutrients — potas- 
sium, nitrogen, phosphorus — and so 
the dosage is varied to produce the 
maximum yield. Tomatoes are also 
among the most responsive crops to 
potassium. On the other hand the pro- 
vision of excessive quantities of potas- 
slum may well accentuate magnesium 
deficiency. 
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DYNAMICS 


ZERO 


EWTON’S apple was attracted to- 
wards the Earth by the force of 
gravity. A similar force acts between 
all things, and tends to pull them to- 
gether. 


The bigger the masses of the objects 


the greater their gravitational pull 
on each other. (In fact the gravita- 
tional pull of two bodies on each 
other is proportional to the product 
of their individual masses). The Earth 
is a huge object, with a mass of 


The Inverse Square 
Law 


The gravitational force 
acting between two 
bodies is inversely 
Proportional to the 
square of their dis- 
tance apart. So a long 
way from the Earth, 
the gravitational force 
is very small. 
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VALUE ON THE EARTH’S SURFACE 


about 5,883,000,000,000,000,000,000 
tons, so quite naturally it exerts a 
fairly large gravitational force. The 
force is large enough to accelerate the 
apple towards the Earth at 32 feet per 
second per second. 

But the Earth’s gravitational pull on 
the apple also depends on the distance 
of the apple from the Earth’s centre of 
gravity. When it is on or near the sur- 
face of the Earth, the apple is roughly 
4,000 miles from its centre. If the apple 
were dropped from a height twice the 
distance from the Earth’s centre (8,000 
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In this aircraft cabin, diving down in a curved path towards the Earth, the effect of the 
Earth's gravity 1s cancelled out. Zero g conditions can be held for only twenty seconds. 


miles from the centre, or 4,000 miles 
from the surface), then it would 
accelerate towards the Earth at a rate 
of only 8 feet per second per second. By 
doubling the distance away from the 
Earth’s centre of gravity, the force of 
gravity has been reduced to a quarter 
of its value at the Earth’s surface. Ex- 
pressed mathematically, the force of 
gravity varies inversely as the square of 
the distance apart of the two masses. 

So as the apple is taken farther and 
farther away from the Earth, the pull 
of the Earth’s gravity on it becomes 
smaller and smaller. It can never be- 
come absolutely nothing, for then the 
apple would have to be an infinite 
distance away from the Earth. How- 
ever, by the time the apple is a few 
tens of thousands of miles away from 
the Earth, the effect of the Earth’s 
gravity becomes negligible. If the 
apple were released there it would not 
fall towards the Earth, for there would 
be no force to make it do so. It would 
just float in space. 

This is the condition known as ‘zero 


g’ (zero gravity), and it is one of the 
many difficulties encountered by astro- 
nauts. It is surprising how much we 
rely on the pull of gravity to do every- 
day things. Even when pouring tea 
into a cup, we put the tea-pot above 
the cup, and let gravity pull the liquid 
down into the cup. If the astronaut 
were to try and do this in zero g con- 
ditions, the tea would just float around 
in globules inside the space ship. 

Moving would also be rather dif- 
ferent for there would be no force of 
gravity to pull the astronaut back to- 
wards the floor. So if he thrust up- 
wards by pushing with his feet, he 
would continue to move upwards until 
he hit the ceiling. 


Gravity and Acceleration 


Astronauts would experience zero g 
when they were stationary in space, 
well away from the gravitational 
attractions of the Sun or any of the 
planets. They would also experience 
zero g when they were moving with 
constant velocity. But as soon as the 


The lorry stops. hut the crates continue moving forwards. Because the crates are not fixed 
to the lorry, they are not decelerated. When the lorry accelerates, the loose crates are left 
behind. As the space- ship accelerates things which are not fixed inside are similarly left 


space-ship starts to accelerate it gets 
back a ‘force’ which could easily be 
mistaken for the force of gravity. 

Gravity and acceleration are closely 
connected things. As the force of 
gravity accelerated the apple so ac- 
celerating creates a ‘force’ very similar 
to the force of gravity. 

As long as the space-ship is neither 
accelerating nor slowing down — in 
other words, it is either stationary or 
moving with constant velocity — its 
motion creates no gravity-like force. 
This ties in with Newton’s First Law of 
Motion — ‘If there are no forces acting 
on a body then nothing changes. If it 
is at rest, it stays at rest. If it is moving 
with a certain velocity, then it con- 
tinues to move in a straight line with 
that same velocity.’ Now, in space, 
the converse of this law happens. In 
this instance the space-ship is either 
stationary or moving with constant 
velocity, so there are no forces. 

Newton’s second law of motion 
deals with the effect of a force on the 
motion of a body. ‘Forces always pro- 
duce accelerations, and an accelera- 
tion is proportional to the force pro- 
ducing it.’ Again, the converse is true 
in the accelerating space-ship. An 
acceleration produces a ‘force’. 

If the space-ship accelerates at 32 
feet per second per second, it would 
seem, to the astronaut, exactly like 
being on Earth. The ‘force’ produced 
by the movement would be indis- 
tinguishable from the downwards force 
of the Earth’s gravity, because this also 
tends to accelerate objects at 32 feet 
per second per second. 

For instance, if the space-ship 
started to accelerate from rest at the 
instant the astronaut started to pour 


To the stationary spaceman, the hammer stays still and the space- 
man accelerates forwards. But the spaceman in the spaceship thinks 
the opposite. He thinks he has got back the force of gravity. 


On Earth, gravity pulls the liquid down into the glass. But under Zero g conditions, there is 


no such force. 


his tea, then the astronaut would think 
things were quite normal. There would 
be a definite ‘up’ direction and a 
definite ‘down’ direction, just as there 
is on the Earth. ‘Up’ in the space-ship 
would be in the direction of the nose 
and ‘down’ would be in the direction 
of the tail of the space-ship. The space- 
ship’s floor would be the end nearest 
the tail, and, if the astronaut stood on 
it to pour his cup of tea, the tea would 
appear to drop into the cup. 
However, although the astronaut 
would think things were Earth-like, 
they would appear subtly different to 
an impartial observer outside the 
space-ship. Suppose one astronaut 
were left behind in space while the ship 
was stationary, and he could see what 
happens as the space-ship accelerates 
away from him. Then, as soon as the 
tea is poured, it is separated from the 


HAMMER STAYS STILL 


HAMMER STAYS STILL 


rest of the space-ship. The tea is not 
accelerated forwards along with all the 
rest of the fixtures (including the tea- 
pot) because it is not connected to any- 
thing. So no force acts on the tea, and 
it stays exactly where it was when the space- 
ship was stationary. 

In fact, the space-ship, in accelerat- 
ing forwards, catches up the tea. The 
space-ship moves towards the tea, but 
an astronaut in the space-ship, be- 
cause he is accelerating forwards with 
the space-ship, cannot tell the dif- 
ference between the space-ship’s move- 
ment towards the tea, and the thing he 
is used to on Earth, the tea’s down- 
wards movement towards the Earth. 
There is nothing wrong with the per- 
ception of the astronaut, for there is 
absolutely no way of telling the 
difference. 
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OILS are deposits formed by the 
physical, chemical and biological 
action on the underlying rocks or drift 
material (i.e. boulder-clay or river 
alluvium). Temperature changes tend 
to shatter rocks, and rainwater, with 
its dissolved gases, helps to break up 
the rocks and release the mineral 
crystals. Lichens and bacteria are the 
first organisms to colonise such places. 
They break up the rock fragments even 
more and their decayed remains add 
organic matter to the developing soil. 
Mosses and higher plants soon follow 
and add more organic matter to the 
soil. This organic matter, called humus, 
is the most important single factor in 
soil. 
The Composition of Soil 
As soils develop from the under- 
lying rocks it is obvious that they will 
contain a good deal of mineral matter. 
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The size of the particles and their 
chemical nature depends upon the 
rock below but in older soils, quartz 
grains are the commonest minerals. 
They are the most stable of all minerals 
and become more and more concen- 
trated as the others are washed away. 
The size of the mineral particles deter- 
mines the nature of the soil. There is an 
international scale concerning the 
classification of particle sizes. 

Particles more than 2 millimetres in 

diameter are gravels or stones. 

Particles 0-2 — 2-0 mm in diameter are 

coarse sand. 


Particles 0-02 —0-2 mm in diameter 
are fine sand. 


Particles 0-002 — 0-02 mm in diameter 
are silt. 

Particles less than 0-002 mm in dia- 
meter are clay. 


The mineral particles form the ‘soil 
skeleton’, holding the other compon- 


SOME SOIL-LIVING ANIMALS 


The profile of a typical podsol formed by 
leaching of the minerals from the surface. 
The layers are shown in the diagram. 


ents around or between them. 

Soil water is of three types. Drainage 
water derived from rain and snow 
runs down through the soil between 
the particles. It is not always present, 
of course, and is not important in plant 
nutrition. Capillary water is held on 
the surfaces of the particles and the 
roots in the soils and is not immediately 
dependent upon rain. As _ water 
evaporates from the surface more is 
drawn up from below to fill the spaces. 
In a very sandy soil, with large par- 
ticles and large spaces, water cannot 
rise by capillary action and the surface 
layers dry out in hot weather. Capil- 
lary water is the main reservoir on 
which plants draw. Absorbed water 
(i.e. water actually taken up by the soil 
particles) is not available to plants. 
Sandy soils absorb little water but 
clays, with their tiny particles and 
huge surface area, absorb a great deal. 
Humus also absorbs much water. 
Although plants cannot overcome the 
forces of attraction between the soil 
and the absorbed water, the latter can 
be driven off by heating. The total soil 
water in a sample may be measured by 
heating the soil over a water-bath 
until no further weight loss is recorded. 
A water-bath must be used or else the 


THE PILL MILLEPEDE 
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A rendzina soil typical of chalk downland. The very thin soil lies over the solid rock. 


Rendzina soils are alkaline or neutral and support a very characteristic collection of plants. 


humus will be destroyed and a further 
weight loss recorded. 

Humus is decayed and decaying 
organic matter. It is dark brown or 
black and rather jelly-like. This last 
feature gives humus its water-holding 
capacity. Chemically, humus must be 
very complicated although it behaves 
as a single substance. One very im- 
portant property is its ability to link up 
with clay particles and form them into 
tiny groups. Thus humus is a valuable 
aid to making clay soils workable. It 
also gives sandy soils the ability to hold 
water. 

Soil atmosphere is essential for the 
proper growth of plants and other soil 
organisms, including the useful bac- 
teria. In a waterlogged soil, water 
takes the place of the air and de- 
composition is not completed. The 
soil then becomes acidic and will sup- 
port only a limited range of plants. 

Mineral salts, essential for plant 
growth, occur in the soil and dissolve in 
the soil water. Other plant foods are 
provided by the organic matter. All 
must dissolve before the plants can use 
them. 

Soil flora and fauna is a term covering 
all the living organisms of the soil. Per- 
haps the most important of these are 


the bacteria. These tiny organisms — 
not quite either plant or animal — act 
upon the organic material of humus 
and release soluble salts for use as 
plant food. Other bacteria ‘fix’ free 
nitrogen and convert it to nitrates 
which can be used by plants. These 
bacteria are valuable members of the 
soil community but all require a good 
supply of oxygen. In waterlogged 
soils, other bacteria become important 
and these do not complete the pro- 
cesses of decay. 

Apart from bacteria, fungi and 
protozoan animals are important soil 
organisms. Earthworms, although not 
so numerous, have a great deal of in- 
fluence in the soil. They drag down 
leaves and aerate the soil with their 
tunnels. Their droppings, too, affect 
the soil for they contain a high pro- 
portion of calcium carbonate from the 
‘chalk glands’. Moles, mice and insects 
all modify the soil in their surround- 
ings and together all these living things 
make up the world of the soil. 

Soil Texture 

One has only to talk to gardeners to 
realise how widely the soil varies. In 
some places it is almost solid clay, in 
others, little more than sand. These 
are two extremes of texture — the 


heavy and the light—and between 
them lies a range of soils called loams. 
A clay-soil contains a high proportion 
of tiny particles of clay-mineral. The 
distance between these particles is 
minute and the surface tension of the 
water film holds them tightly together. 
Clay soils are thus heavy and hard to 
dig. The small air spaces do not allow 
good drainage and the soil tends to 
become waterlogged. Mineral salts 
are not washed out by rain. During 
drought, the clay continues to hold a 
good deal of water and provides a firm 
hold for roots. 

Sandy soils are light soils. Their 
large mineral particles (mainly grains 
of quartz) enclose large air-spaces and 
thus give good aeration of the soil and 
good drainage. The soils break up 
easily while digging but mineral foods 
are quickly lost as they are washed 
down to the sub-soil. 

A good soil contains particles of all 
sizes so that drainage is neither too fast 
nor too slow. It also contains plenty of 
humus to hold water and to provide 
plant foods. Soils with mixed particle 
sizes are called loams. The particles are 
not haphazardly arranged but tend to 
aggregate in small ‘crumbs’. This 
crumb-structure is essential for a good 
soil —it provides air-spaces and also 
ensures that the finer particles are not 
free to be washed down to clog the 
lower spaces. The soil can easily be 
worked over. How the particles join up 
to form ‘crumbs’ is still a mystery. Each 
crumb contains all the soil constitu- 
ents. Sandy soils can be improved by 


Earthworms play a large part in conditioning soils. They drag down leaves and provide 
humus ; their worm casts contain calcium carbonate and acid bacterial decay, and their tunnels 


help to aerate the soil. 


adding humus — it coats the mineral 
grains and holds water. Clay (heavy) 
soils are also improved by adding 
humus. The latter joins with the clay 
particles and tends to make them join 
in little groups — producing the crumb 
structure. Lime has the same effect. 

Limestone rocks are usually very 
pure and as calcium carbonate is 
soluble in water, limestones do not 
produce thick soils by themselves. 
Prolonged solution of the carbonate 
may result in a thin layer of impurities 
— silica and clay minerals — forming on 
the top. These thin soils are called 
rendzinas. They are usually very alka- 
line but occasionally become acid be- 
cause all the calcium is leached away 
by percolating rainwater. 


Climate and the Soil 


Although the above soil textures 
depend largely upon the underlying 
rocks, in the long run, climate has the 
greatest effect and overrides the action 
of the parent rocks. Each climatic 
region favours a certain type of soil 
formation if left alone. It must be 
realised of course that a great deal of 
the land has been cultivated — a pro- 
cess that interferes with the natural 
process of soil formation. Large areas, 
too, were affected by the great Ice Age 
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and the soils are still quite young. The 
climatic soil types are not many and 
are grouped according to the appear- 
ance in section, as in a quarry. This 
appearance is called the sozl profile. 

In the polar and tundra regions the 
soils are poorly formed and are termed 
skeletal. They consist mainly of shat- 
tered rock fragments for chemical and 
biological activity is low. Occasional 
peat soils are formed where mosses and 
lichens flourish. The cold temperate 
regions, including much of Britain, 
favour a type of soil, called a podsol. 


Rainfall exceeds evaporation and the 
dominant movement of water is down- 
wards. Humus and minerals (notably 
iron) are washed down from the sur- 
face layers, leaving a bleached zone — 
the -A horizon. The materials are 
deposited lower down in the B horizon 
and form a dark layer. It may become 
solid and form a hard pan which pre- 
vents further drainage. Waterlogging 
and peat formation occur in un- 
disturbed land. The warm-temperate 
regions favour a soil called a brown 
Sorest earth. Evaporation is nearly equal 
to rainfall (exceeding it in summer) 
and leaching is not extensive. Good 
supplies of humus keep the surface 
layers brown. 

In the semi-arid regions, evapora- 
tion exceeds rain-fall and the dominant 
water movement is upwards, bringing 
calcium and other salts with it. Humus 
accumulates in the surface layers 
which become black. This type of soil 
is typical of the steppes and prairies 
and is called chernosem or black earth. 

Tropical regions are normally wet 
but rain may be highly seasonal. In 
this case, the minerals are washed 
down from the surface and then, in the 
dry-season, are returned in the capil- 
lary water and precipitated at the sur- 
face. Iron and aluminium hydroxides 
are left in an insoluble state and tend 
to accumulate as a reddish deposit 
called Jaterite. If aluminium is domi- 
nant, the deposit is called bauxite — the 
main ore of aluminium. The soil then 
becomes infertile because of impeded 
drainage. 


Many experiments can be performed with soil. This one shows how the relative permeability 
of sandy and clay soils can be demonstrated. Water still sits on the clay surface long after the 


sand has dried out. 


JOHN DALTON 


and his 
ATOMIC THEORY 


HE theory that all matter is made of very small particles 
called atoms which cannot (by chemical means) be 
broken down into smaller units is now well established. It 
is, however, little more than a hundred and fifty years since 
John Dalton first proposed his atomic theory. 

Philosophers of former civilizations, in particular the 
Greek thinker, Demokritos (460-370 B.C.), had notions 
that all matter was made of some kind of elementary par- 
ticles or atoms. So the concept of atoms was by no means 
new, but it fell to Dalton to develop the idea. By defining in 
more detail what he understood by atoms, Dalton cleared 
the way for those chemists who followed him to gain a 
better idea of the constitution of chemical substances and 
of the mechanism of chemical reactions. 

Dalton included in his theory some important new ideas. 
He said that the atoms of any one element are identical in 
all respects and in particular they have exactly the same 
mass. Furthermore, different elements have atoms of dif- 
ferent mass, the mass of its atoms being a characteristic of 
each element. Dalton also stated that when chemical 
combination occurs, small whole numbers of atoms join 
together. 

Except for the slight modification which became 
necessary when isotopes were discovered, this theory is still 
accepted today. The various points are, however, more 
familiar as the basic chemical laws of Conservation of Mass, 
Constant Composition and Multiple Proportions. 

It was during the first decade of the nineteenth century 
that Dalton arrived at his atomic theory. At that time it was 
virtually impossible to make accurate measurements be- 
cause the apparatus available was still quite primitive. It is 
all the more remarkable, therefore, that Dalton’s theory 
has withstood the test of time. Although he carried out a 
whole series of experiments to test the various parts of his 
theory, the experimental errors involved were so large that 
he could not claim to have proved it conclusively. 

Another valuable contribution which Dalton made to 
chemistry was his idea for representing chemical com- 
pounds visually. A distinctive circular symbol was used to 
denote the atoms of each element — hydrogen was a circle 
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Examples of how Dalton used his symbols (in black and white) to represent chemical compounds compared with the coloured symbols 
used in this magazine. In several instances Dalton’s symbol did not show the correct compositions. 


CARBON 


John Dalton, 1766-1844. 


with a dot in the middle, while a circle with one vertical line 
through it denoted a nitrogen atom. 

John Dalton was born of a Quaker family at Eaglesfield, 
a small village in the English Lake District. In 1776, when 
only ten years old, he entered the service of Elihu Robinson, 
a wealthy Quaker, who taught him mathematics. In 1781, 
after a brief spell of teaching in the village school, he joined 
his brother who was a master at a school in Kendal. 

It was during this period that he commenced a journal 
of meteorological observations which he kept up for the 
remainder of his life. He also collected butterflies and 
amassed a vast number of dried plants. 

In 1793 he moved to Manchester. At first he taught 
mathematics and natural philosophy at New College, but 
after six years he resigned. Thereafter he devoted his life to 
research which he financed by giving private tuition. 

Dalton died in 1844 having made one of the greatest 
contributions to the advancement of theoretical chemistry. 
He had transformed a vague hypothesis into a definite 
theory. 


CARBON DIOXIDE, CO, 
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OXYGEN 


SULPHURIC ACID, H,SO4 
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ELECTRIC EEL 


ELECTRIC SKATE 


ANIMAL ELECTRICITY 


FLECTRICAL measurements can 
be taken for many processes, such 

as growth, production of hormones, 
learning, and the working of nerves 
and muscles. They are necessary for a 
complete understanding of an or- 
ganism’s physiology. In recent years 
the electro-encephalograph has been 
used to record man’s electrical brain 
waves. The neurologist can often pin- 
point an abnormality by examining 
the traces obtained. Similarly, the 
electrical rhythms of the heart are also 
recorded, which information tells a 
skilled doctor exactly what is wrong. 
If two suitable electrodes are placed 
at different points on the surface of an 
organism a small potential difference 
(or difference in electrical pressure) 
can be observed between the elec- 
trodes. This applies to both animals 
and plants. For example, a potential 
difference of about 60 millivolts (a 
millivolt is a thousandth of a volt) 
exists between the tip and the base of 
an onion root: two points on the sur- 
face of human skin may show a 
potential difference of 80 millivolts. 
Generallyspeaking, however, measure- 
ments are of the order of 10 millivolts 
or less, though relatively large changes 
in potential are observed when nerve 
signals pass along a nerve and when 
such signals cause a muscle to contract. 
The fact that animals produce elec- 
tricity was first discovered in the 
electric fishes. Their powers of generat- 
ing electricity far outpass those of 
other living organisms. The electricity 
that they produce is used for naviga- 
tion, or for defensive or offensive pur- 
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poses. The Giant Electric Ray can 
produce a current of 50 amperes at an 
electrical pressure of over 50 volts, 
enough to kill a large fish. The Electric 
Eel of South American rivers can give 
a shock of several hundred volts. Some 
other species of fish, Elephant Snout 
fish or Mormyridae, produce less 
strong electric currents at electrical 
pressures of from a tenth of a volt 
to a few volts. Nevertheless this is of 
great use to the fish as a navigation 
system in their murky surroundings 
and also for detecting prey and 
enemies. 

Present research on electric organs 
in fishes has given several clues as to 
how a nerve signal is relayed from one 
nerve cell to another, a problem that 
has baffled nerve physiologists for 
many years. The ancients knew noth- 
ing about how electric fishes produced 


electricity but, even so, there are many 
early records which show that they 
were familiar with them. Early Egyp- 
tian sculpture portrays the Electric 
Catfish, and Plato wrote of the Tor- 
pedo Ray killing its prey by means of 
an electric shock. Roman physicians, 
Scribonius for example, prescribed the 
shock of a Torpedo Ray as a cure for 
gout, and later a similar treatment was 
prescribed also for headaches. 

As the scientist’s knowledge of 
electricity increased, new facts could 
be applied to the investigation of 
electric fishes. The electric organs 
themselves were studied, though prin- 
cipally in the hope that an under- 
standing of the working of nerves and 
muscles would result. 

A striking fact is the possession of 
electric organs by quite unrelated 
groups of fishes. The electric rays and 


The Electric Eel of South American rivers can give a shock of several hundred volts, sufficient 
electrical pressure to drive a big enough current through the electric light bulbs. 


ELECTRIC 
CATFISH 


skates are ‘shark-like’ fishes with a 
skeleton of cartilage, and the electric 
bony fishes include such diverse forms 
as the Knife-fishes (Gymnotids) of 
Central and South America, the Ele- 
phant Snout fishes (Mormyrids) of 
Africa, the Electric Catfish of the Nile 
and the Stargazer (Astroscopus) which 
is found on one part of the Atlantic 
coast of America. The arrangement, 
structure and performance of the 
organs also varies. 

In most cases the electric organs are 
formed from muscle fibres which are 
modified during the growth and de- 
velopment of the embryo. The organs 
of the Electric Catfish, however, are 
modified skin glands. The tail region 
makes up about four-fifths of the 
Electric Eel. Of this, well over half is 
electric organ. As in the other electric 
fishes, the organ consists of large 
flattened cells — the electroplaques. One 
of the flat surfaces of each electro- 
plaque is richly supplied with nerve 
fibres, whilst the other surface has no 
nerve supply. The electroplaques are 
piled one on the other, in long columns, 
the sides which have a nerve supply all 
facing the same way. The eel has as 
many as seventy columns of electro- 
plaques running the length of the body 
on each side with up to ten thousand 
electric cells in each. The electro- 
plaques, therefore, are arranged in 
sertes, thus enabling a large voltage to 
be built up. But since the columns are 
arranged in parallel a large current can 
also be produced. This enables the eel 
to overcome the high electrical resist- 
ance of its freshwater surroundings and 
still deliver a considerable shock. Salt- 
water fishes have fewer electroplaques, 
a fact which is probably associated 


1 e lower resistance of the salt 
water. 

Nerve impulses from the brain 
bring about changes in the cells so that 
the electric current can flow to the 
next cell. When all the cells contribute 
more or less simultaneously a con- 
siderable discharge is produced. The 
inner surface of the side of a cell that 


of ao 
an 


~ Td 
ee 


production of large shocks is the recent 
discovery that several fishes produce 
weak electric fields which they use for 
navigation purposes. It seems that they 
employ an electrical guidance system 
after the manner of bats, which use 
high frequency sound waves. The 
frequency of the electrical waves varies 
from about twenty-five per second in a 


Cutaway diagrams showing the arrangement of the electric organs in four fishes. 


has a nerve supply becomes positive 
relative to its outside and since all the 
cells face the same way current flows 
between the tail and head. The circuit 
is completed by way of the surrounding 


~ medium which may include the body 


of another fish. 

The electric organ of the electric eel 
is made up of three parts, each able to 
deliver a shock of different intensity. 
The organs of the Electric Skate and 
Mormyrids are situated in the tail, but 
in the Electric Ray, they are kidney- 
shaped organs in the pectoral (breast) 
fins. Those of the Electric Catfish form 
a ‘sleeve’ around the middle region of 
the body under the skin surface. 

More intriguing perhaps than the 


species of eel to fifteen hundred per 
second in the Knife fishes of America. 
Besides being able to generate elec- 
tricity, these weakly electric fishes can 
detect changes in the electric fields 
that they produce with special sense 
organs. The latter have yet to be 
identified but when nerve fibres to the 
brain are cut the fishes are unable to 
detect metallic objects in the water, as 
they would do normally. Many fishes 
move away from objects that they are 
able to detect but others attack 
metallic objects with great ferocity. 
Apart from its use for navigation, 
therefore, the emitting and receiving 
system would appear to have offensive 
and defensive uses as well. 
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Primary cosmic rays reach the Earth from 
outer space, and collide with atoms in the 
atmosphere. Rays and particles showering 
Srom these collisions are called secondary 
cosmic rays. 


HOWERS of cosmic rays are con- 
tinually pouring down on the 
Earth. We cannot escape them even 
by going indoors, for cosmic rays are 
capable of penetrating bricks and 
mortar. Cosmic rays are the particles 
of incredibly high energy which come 
from outside and inside the Solar 
System. 

Although they are called rays, they 
are not like light rays, or their higher- 
energy counterparts, X-rays and 
gamma-rays. For these are all wave- 
like disturbances — electro-magnetic 
waves. Cosmic rays, on the other 
hand, are particles. ‘hey have energies 
far in excess of the energies Man can 
give his artificially-accelerated par- 
ticles. The proton-synchrotron at 
Geneva has so far produced particles 
with energies of over 30 thousand 
million electron volts. (An electron- 
volt is the energy acquired by an 
electron when it is accelerated through 
a voltage difference of one volt.) But 
the energies of cosmic rays have been 
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NUCLEAR PHYSICS 


COSMIC RAYS 


estimated at between ten million and a 
million-million-million electron volts 
—i.e. up to a hundred million times 
more energetic than the particles Man 
can produce. 

In most of his experiments with the 
particles produced in machines like 
the proton synchrotron, Man is trying 
to find more and more minute details 
about the structure of the nuclei of 
atoms. Ifhe can produce very energetic 
particles, he can penetrate deeper into 
the nucleus, and so get better informa- 
tion. Obviously, he can penetrate 
deeper with cosmic rays donated free 
of charge by unknown sources in the 
Universe, than he can with particles 
produced by highly-expensive mach- 
ines. This is the main reason for the 
great interest in cosmic rays. Many 
important discoveries in nuclear 
physics have been made using them. 


The Discovery of Cosmic Rays 


Cosmic rays were originally dis- 
covered in the early twentieth century, 
when scientists were experimenting 


with X-rays, radio-activity and elec- 
trical discharges through gases. One of 
the measuring instruments they were 
using was the gold-leaf electroscope, 
two thin leaves of gold which, when 
given an electric charge, repelled each 
other and diverged. The amount they 
diverged depended on the amount of 
charge they had received. The gold- 
leaf electroscope was usually insulated, 
so that the charge on its leaves could 
not leak away. But if it were placed in 
the path of X-rays, or rays from a lump 
of radioactive material, the two leaves 
of the electroscope rapidly flopped to- 
gether. They did this because the 
radiation had ionized the air around 
the electroscope, separating positive 
charges from negative charges, and 
allowed the air to conduct the charge 
away from the leaves. 

When there were no radiations 
around, the air behaved like a fairly 
good electrical insulator. But it was 
not a perfect insulator, for the leaves 
very gradually lost their charge, and 
fell together. No matter how they tried 


Rays coming in towards the Poles are travelling parallel to the ‘lines’ of the Earth’ s magnetic 
field of force. They are not deflected. The rays approaching the Equator ‘cut across the lines’. 
Whenever they do this, a force acts on them, and they are deflected away. So more cosmic rays 


reach the Poles than the Equator. 
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Stacks of special kinds of photographic 
plates, covered with ‘nuclear emulsion’ 
(right) are sent up into the atmosphere. The 
photograph above is pieced together from the 
many different layers. It shows a cosmic ray 
disintegrating an atom in the emulsion. 


to insulate the plates, they would 
always fall together over a period of 
time. 

Scientists argued that there must be 
some other kind of radiation around. 
In about 1910 they started to look for 
another source of radiation, testing 
whether it originated from outside the 
atmosphere by sending gold-leaf elec- 
troscopes into the atmosphere with 
balloons. By 1912 they had found out 
that the intensity of the radiation in- 
creased with height — the gold leaves 
fell together more quickly at higher 
altitudes. This meant that the radia- 
tions must come from outside the 
atmosphere, and because of this they 
were given the name cosmic rays. 

Later balloon experiments showed 
that this radiation increased in in- 
tensity up to 15 miles high, then 
steadily decreased between heights of 
15 and 25 miles. After that the radia- 
tion stayed constant with altitude. 
Other experiments demonstrated the 
great penetrating power of cosmic 
rays. Even when it was protected by a 
lead shielding, the electroscope lost its 
charge. 

The Nature of Cosmic Rays 
These experiments established the 


fact that radiation was reaching the 
Earth from outer space. What kind of 
radiation was it? Radiation could 
consist of either waves, like gamma- 
rays, or particles, like protons and 
electrons. It was first thought that 
cosmic rays were very, very energetic 
gamma-rays, but this was disproved by 
other experiments. For the main dif- 
ference between waves and particles is 
that particles can carry electric 
charges. Waves cannot. If any evi- 
dence could be found that the rays 


carried electrical charges, then ob- 
viously they must be particles. 

Then it was noticed that the in- 
tensity of the cosmic radiation at sea 
level varied with latitude. Rays reach- 
ing the Earth were about ten per cent 
more intense near the Poles than near 
the Equator. The interpretation of 
this was that the rays nearer the 
Equator were being deflected away by 
the Earth’s magnetic field. As they 
could be deflected by a magnetic field, 
the rays must be capable of behaving 
like magnets, i.e. they must be moving 
charged particles. From the way they 
were deflected, it was worked out that 
they must be positively charged. The 
cosmic ray intensity varies very little 
from day to night, so it is known that 
only a very small proportion can come 
from the Sun. The vast majority 
originate from some source outside the 
Solar System. 

There are two kinds of cosmic rays, 
primary rays and secondary rays. The 
primary rays are the original rays 
coming from outer space and striking 
the top of the Earth’s atmosphere. The 
secondaries are the rays produced by 
the collision of primaries with the 
atoms in the atmosphere. The bulk of 
the rays reaching the Earth’s surface, « 
are secondaries. “ 
Huge balloons carry the ‘nuclear emulsion’ p> 
upwards to record cosmic rays. 


Primary Rays 

Primary rays usually penetrate only 
about 10 miles through the atmos- 
phere before being converted into 
secondaries. Primaries are made up of 
86% hydrogen nuclei (protons), 13% 
helium nuclei (alpha particles) and 
the remaining 1% consists of nuclei of 
heavier elements, such as lithium, 
carbon, calcium and iron. Most of 
them are travelling at almost the speed 
of light. 

They arrive at the outside of the 
atmosphere with very great energies. 
So if they happen to collide with atoms 
in the atmosphere, the collision is 
usually very violent. They can pene- 
trate deep into the nuclei of the atoms, 
and completely disintegrate them. 
Very energetic particles may be ejected 
and several new particles have been 
discovered among the remnants of 
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The cloud chamber (above) is adapted for 
cosmic ray research. Metal plates are 
necessary to slow down the powerful cosmic 
rays. 
Below: Tracks in the ‘nuclear emulsion’ 
show an electron-positron pair. 


~w 


GAMMA- 
RAY 


PATH OF 
ELECTRON 


CRAB 
NEBULA 


COSMIC 
RAYS 


| 


| THE DIAGRAM 

| SHOWS THE PART 

; OF OUR GALAXY IN 
THE VICINITY OF 
THE EARTH 


PNET a GES TS SEE TY 
F| 


: 
EARTH 


ee Hi 


ALTHOUGH THE 
RAYS ARE SHOWN 
TRAVELLING IN 
ROUGHLY STRAIGH 
LINES, THEY ACT- 
UALLY SPIRAL & 


Cosmic rays are thought to be particles ejected in supernovae explosions, like that of the Crab 
nebula. But the rays are deviated so much by magnetic fields in space that it is almost im- 


possible to tell where they come from. 


these collisions. 

One of these is the positron, the 
positively charged counterpart of the 
electron. One of the energetic inter- 
actions in the atmosphere produced a 
powerful gamma-ray. The gamma-ray 
then turned into two particles, an 
electron and a positron. These two 
particles are identical in mass and 
size, and the only difference between 
them is that one is negatively charged 
and the other is positively charged. 
Two bits of matter had apparently 
been created out of nothing. But they 
had been made from the energy of the 
gamma-ray, and it is possible to create 
particles out of a large amount of 
energy just as it is to do what the 
nuclear reactor does — convert a small 
amount of matter into a large amount 
of energy. 

Often the collisions involve many 
particles, and are very complicated. 
One of the most successful ways of 
finding out what is happening is to 
send stacks of photographic plates, via 
balloon, into the upper atmosphere. 
Special nuclear emulsion is used on the 
plates, and the passage of the particles 
is recorded as they blacken atoms in 
the emulsion. 

Many other instruments are used in 
tracking cosmic rays, but, as they are 
often heavy and cumbersome, they are 
confined to experiments on the surface 


of the Earth. But, as there are more 
cosmic rays higher up in the atmos- 
phere, research stations are often 
situated on the top of mountains. 
Secondary Rays 

Very few of the primary rays reach 
the Earth’s surface. They have nearly 
all collided with particles in the atmos- 
phere, to produce the secondary cos- 
mic rays. It is the secondaries which 
reach the Earth, and roughly speaking, 
one secondary cosmic ray hits an area 
the size of this page each second. 

Secondaries are a motley assort- 
ment of particles, resulting from an 
infinite variety of interactions. These 
consist of particles like the hyperons and 
the mesons, as well as electrons, posi- 
trons and neutrons. Associated with 
them are high energy gamma-rays and 
X-rays. One primary can produce a 
cascade of secondaries whose paths 
zig-zag like forked lightning to Earth. 


The Origin of Cosmic Rays 


Cosmic rays arrive at the Earth with 
terrific speeds and correspondingly 
large amounts of energy. How did they 
obtain these high energies ? The higher 
energy primaries were probably shot 
out of a star during a super-nova 
explosion. Lower energy particles 
could get their energy by being re- 
peatedly accelerated as they pass 
through magnetic fields in space. 


OPTICS 


LTHOUGH an ordinary convex 
lens (thicker at the centre than at 
the edge) can be used as a microscope, 
the magnification is limited. However, 
much larger images can be obtained 
using a compound microscope. In this class 
of instrument magnification takes 
place in two stages—the apparatus 
consists of two lenses or more usually 
two lens systems. 
When a single convex lens is used as 
a magnifying glass or simple microscope, 
the object has to be situated between 
the focus of the lens and the lens itself. 
It is only in this position that a magni- 
fied and upright image is formed. Since 
the light rays only appear to come from 
the image, the image is said to be 
virtual. As will be seen from the 


further magnified by the evepiece. 

In order that an enlarged and real 
image be formed, the distance of the 
object from the first lens must be 
slightly greater than the focal length 
of the lens. If the object is moved 
further away from the lens, the image 
is not magnified so much. In fact, if 
the object distance is more than twice 
the focal length the image will be 
smaller than the object. The micro- 
scope can, of course, be raised and 
lowered to bring the image into focus. 

The length of the microscope tube 
will have been chosen so that the real 
image formed by the objective is 
slightly closer to the eyepiece than its 
principal focus. In this way a virtual 
image larger than its object (the real 


Chromatic and spherical aberration are particularly trouble- 


some in microscopes. When single lenses are used the much 
magnified images generally have coloured fringes. This 
chromatic aberration, which is caused by light of various 
wavelengths being bent by different amounts, can be correc- 
ted by cementing together a pair of crown and flint glass 
lenses (an achromatic pair). 

Light rays passing through the edges of a lens tend to come 
to focus nearer the lens than the rays travelling through its 
centre. This effect, known as spherical aberration, is avoided 
by using only the central portion of the lens. It is for this 
reason that quite large lenses have to be used in the eye- 
piece of the microscope — their outside edge cannot be used. 


diagram, for any one lens, the best 
magnification is obtained when the 
distance of the object from the lens is 
almost equal to the focal length. 
Greater magnification can be obtained 
using lenses of shorter focal length, but 
it is found in practice that objects can 
be magnified only about a 100 times 
using a single lens. 

The two convex lenses (or lens 
systems) which make up the compound 
microscope are situated at either end of a 
long tube. The tube serves to exclude 
all light rays except those reflected by 
the object. The lens nearest the object 
is called the objective, while the one 
nearest the eye is the eyepiece. Both 
lenses have short focal lengths. The 
function of the objective is to form an 
enlarged and real image which can be 


image from the objective lens) is 
formed by the eyepiece. In fact, the 
eyepiece is acting like the simple 
microscope, but in this instance it is 
magnifying the real image formed by 
the objective lens. 

By using objectives consisting of as 
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Two convex lenses being used as magni- 
fying glasses or simple microscopes. 
Greater magnification is obtained the 
nearer the object is to the focus, or the 
shorter its focal length. 


Ray diagram for a compound microscope 
showing how a real and enlarged image of 
the object is formed by the objective lens. 
This image is further magnified by the eye- 
piece which acts in a similar way to the 
magnifying glass. 


many as ten separate lenses and eye- 
pieces with two or more lenses it is 
possible to magnify over 2,000 times. 
However, to achieve such high magni- 
fication it is essential that the object be 
very well illuminated, often by a 
carbon arc lamp. 


INORGANIC CHEMISTRY 


GSTEN 


our modern civilization tungsten 

has become a vitally important 
metal, despite the relatively small 
annual production which is only 17 
times that of gold. 

Most metals were in use centuries 
ago but tungsten is an exception in 
that it has no ancient and historic past. 
The ancient Egyptians did not use it, 
neither did the Romans. In fact, the 
metal was only first isolated from a 
sample of ore in 1783 and even then, 
it took World War I to find a use for it. 
Although its possibilities as a hardener 
of metals had been pointed out only a 
few years after its isolation, it was first 
put into practical use in German 


The filaments of electric light bulbs are 
made from tungsten wire. 


munitions factories just before 1914 to 
make high speed cutting tools. Ironic- 
ally, most of the tungsten for these 
tools came from the English mines in 
Cornwall. It was sold cheaply to the 


Germans because the English could 
find no use for it, and they had no idea 
that they were responsible for the 
enormous production of German guns. 

Later on when its value in tool- 
steel making became general know- 
ledge, the price soared and tungsten 
joined the ranks of the more highly- 
priced metals. 

Tungsten has the distinction of 
being the metal with the highest melt- 
ing point — about 3,410°C. This is why 
it was only recently isolated. Whereas 
most metals can be melted and the im- 
purities skimmed off as a slag, the 
high melting point of tungsten renders 
this impossible, and purely chemical 
methods have to be used instead. 

The largest tungsten deposits are 
found in China and Burma followed 
by North America and the Andes of 
South America. There are also quite a 
few smaller deposits in other countries. 
Although the composition of the ore 
varies from mine to mine, the ores fall 
into two categories. The wolframite 
ores contain iron and manganese 
tungstate, FeWO, and MnWOQ,. (W 
is the chemical symbol of tungsten). 
The other group, the scheelite ores con- 
tain calcium tungstate CaWO,. 

At the mines, the useful part of the 
ore is concentrated by a series of pro- 
cesses which may include crushing and 
flotation. Magnetic separation is also 
used for wolframite because the ore 
can be picked out with a magnet 
leaving the unwanted part behind. 
The exact procedure depends very 
much on the nature of the ore, but on 
the whole it is similar to the concentra- 
tion of many other metal ores. 

Then comes the difference. Instead 
of smelting, tungstic acid is obtained 


Reduction furnaces in which hydrogen re» 
duces tungstic acid to fine particles of 
tungsten metal. 


from the ore and then the acid is re- 
duced to give granules of metallic 
tungsten. 
Extraction 

The concentrate is heated at about 
800°—g00°C. to drive off any sulphur 
and arsenic as gases. Afterwards it is 
mixed with sodium carbonate and 
converted into fine particles. The 
mixture is roasted in a furnace with a 
plentiful supply of air to oxidize the 
iron and manganese content of wolfra- 
mite or the calcium content of schee- 
lite. Sodium tungstate Na,WO, is 
formed and the other metals form 
oxides. The metallic oxides are in- 
soluble in water but the sodium tung- 
state, like all other sodium salts, is 
soluble in water and this is the key to 
its extraction. The rocky material is 
shaken with hot water for several 
hours and the part which has not dis- 
solved is filtered off. The filtrate is a 
solution of crude sodium tungstate. 

Part of the water is evaporated off to 


These cutting edges and wear-resisting parts are made from tungsten carbide. 
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crystals of sodium tungstate. The 
crystals are redissolved and the solu- 
tion is further purified by precipitating 


out more rities. Hydrochloric 


acid is used to bring down from the 
solution a yellow precipitate of tung- 
stic acid. 


Na,wO,+ 2HCI 
sodium hydrochloric 
tungstate acid 
= H,WO, + 2NaCl 
tungstic sodium 
acid chloride 


Tungsten metal powder is obtained 
from this yellow tungstic acid in re- 
duction furnaces where hydrogen is 


Carburi zing furnaces in which tungsten carbide is made by heating 


tungsten powder with powdered carbon. 


pumped in to act as a reducing agent 
and sweep away the waste products, 
leaving behind fine particles of metallic 
tungsten. 

Articles of pure tungsten are made 
by applying pressure to the powder 
and squashing the article into shape in 
this way. After this treatment the 
metal is rather brittle, but further 
mechanical treatment such as pound- 
ing with a hammer soon gives in- 
creased toughness to the tungsten. 


Uses 


Tungsten, the element is used to 
make the filament of electric light 
bulbs. With its exceptionally high 
melting point there is little chance of 
the metal evaporating off and so the 
filament has a fairly long life. Because 
it remains unchanged at high tem- 
peratures it is an excellent metal for 
the heating filaments of high tem- 
perature furnaces and also for the 
nozzles of rockets. Contact points in 
spark plugs and X-ray targets are also 
made of tungsten. Alloyed with other 
metals, it makes hard steel cutting 
tools which will still be hard even at 
high temperatures. 

Tungsten carbide (WC), is the best 
known compound of tungsten. It is 
obtained by heating a mixture of 
metal powder and powdered carbon in 
a furnace. Many cutting blades which 
must preserve their sharpness even 


after cutting large quantities of tough 
material have a coating of tungsten 
carbide. This material is noted for its 
resistance to wear and apart from 
cutting also finds use in polishing the 
rough edges off other metal objects. 
Some compounds of tungsten are also 
used as mordants in dyeing. These en- 
able the dye to ‘take’ on the material. 
Other compounds can also be used 
because of their value as a pigment, 
giving a peach-coloured tint to pottery. 


The two main ores of tungsten, wolframite 
and scheelite. 


The molecules in a drop of very dilute stearic acid spread over the clean water surface to form 


a patch one molecule thick. 


MONOLAYERS 


SOME surfaces tend to gather on 

them layers of other molecules. If 
these molecules are packed closely side 
by side and the layer is only one mole- 
cule thick, then it is a monolayer. 

Most objects are covered with a 
somewhat patchy monolayer of air. 
Although there are considerable spaces 
between ordinary air molecules, in the 
monolayer the molecules are closely 
packed with no spaces between them. 

Some catalysts enable chemical re- 


Section of a fragment of metal which has 
adsorbed a monolayer of hydrogen on to its 
surface. 


actions to take place more easily by 
adsorbing monolayers of the reacting 
gases on to their surfaces. Over a small 
area the molecules of the gases are 
brought into close contact so that they 
can react. This can eliminate the need 
for using high temperatures and pres- 
sures to achieve the same effect. To 
work well, as much of the reacting gas 
as possible must be made to form 
monolayers and consequently the cata- 
lysts must present a large surface area 
to the gas. Because of this, the catalyst 
is usually in the form of very fine 
particles. 
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Some liquids also tend to spread in 
thin lavers. Dirty puddles with rain- 
bowed surfaces have a thin layer of oil 
floating on them. The layer will prob- 
ably be several molecules thick, but if 
the puddle is large enough and the 
drop of oil small enough, the oil will 
spread until it is only one molecule 
thick. 

A similar thing happens when a 
droplet of stearic acid solution (an 
acid derived from fat) is put onto a 
clean water surface. The acid spreads 
outwards and outwards and when the 
layer is one molecule thick it stops 
spreading and the patch stops growing 
in size. This patch can be broken up 
into fragments, but the molecules can- 
not be made to space themselves 
evenly over the whole surface. They 
remain packed closely side by side so 
that there are patches of monolayer 
and other patches of completely free 
surface. 

Experiments can be designed using 
layers like this to gauge the size of 
molecules. 

A little stearic acid can be weighed 
and dissolved in a litre of benzene. 
From the density of the stearic acid it 
is possible to calculate its volume. 
Benzene is chosen as a solvent because 
it will easily evaporate off later. Some 
of this solution can be accurately 
measured out and again diluted with 
benzene. By successive dilutions, it is 
possible to make a very dilute solution 
whose composition is accurately 
known. 

One droplet of this solution contain- 
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Part of the stearic acid monolayer. The 
molecules stand upright with their 
acidic ends in contact with the water. 


ing say 0:00001 ml. of stearic acid will 
spread over an area of about 50 
square cm. of water surface. 
Thickness of Layer 

This works out at 2-°9°°* cm. or 20 
A which appears to be the length of a 
stearic acid molecule. 

Stearic acid has a carbon chain 
structure and an acidic group linked 
to one end. When the experiment is 
repeated using molecules one carbon 
atom longer, the same volume of acid 
spreads over the same area and the 
layer is about 14 A thicker. The layer 
thickness increases by the same amount 
for every carbon atom added to the 
chain, but the area it spreads over re- 
mains the same. 

It looks as though the chains are 
arranged upright in the surface and 
the carbon atoms are about 14 A 
apart. This must be so, as the surface 
area remains unchanged by altering 
the length of the carbon chains. 


